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INTRODUCTION*
BROCKWAY McMILLAN

With this issue of its Journal, the Society for Industrial and Applied
Mathematics initiates a new series devoted to articles on the mathematical
and scientific problems of control. By thus centralizing what it publishes
in the field of control, the Society hopes to stimulate mathematical interest
and research in the theory, and to facilitate the dissemination of applicable
results to those who have use for them.

Many of us in the Society have felt that control theory both needs, and
merits, more explicit attention by mathematicians and by engineers of
mathematical bent. It needs attention because of the pervasive importance
of control systems to modern technological society. Many evident applica-
tions presently suffer for lack of adequate theory; I suspect that an ade-
quately fundamental theory would expose many more applications not
now evident. The field merits attention because it shows promise of a rich
mathematical harvest. It is a field well illuminated by heuristic guides.
Observable physical phenomena, and special problems already solved in
the folklore or the literature, abound to support the intuition. To those
who do not fear mathematical phenomena that have physical or engineering
counterparts, it can be a challenging and, I believe, rewarding domain to
explore.

Control systems involving plants as diverse in form as amplifiers, air-
craft, chemical processes, and commercial enterprises are now subject to
engineering design and manipulative control guided to some degree by
mathematical theory. Beyond this already great diversity, there are other
control systems of importance to society that require understanding. To
mention some extreme examples, society itself, or its economic under
structure, is a vast control system. I have little doubt that a mathematical
theory of control will some day contribute to our understanding of this
system, and perhaps even to a degree of manipulative control over it. The
behavior that is characteristic of biological organisms, specifically of man,
is that of a control system; from the point of view of the meteorologist, the
earth’s atmosphere is also a control system. Whether a general theory of
control, as control, will ever contribute usefully to understanding or
manipulation of these latter phenomena is much more speculative but
not evidently impossible.

If one were to poll those who design or manipulate control systems about
the need for further theory, the positive replies would undoubtedly em-
phasize a need for better design methods. Herein lies a trap for both en-
gineer and mathematician. Theory creates understanding. Better designs
may result from a theory because the theory is penetrating, is revealing

* Invited by the editors.

t Assistant Secretary of the Air Force for Research and Development, Washing-
ton, D. C.

1



2 BROCKWAY MCMILLAN

or definitive about the possibilities available, or indicates what is needed
to realize the full potential of the plant to be controlled. But to set as a
primary objective of mathematical effort the development of explicit
design procedures may so limit the problem that nothing results. Further-
more, it is delusive to expect that theory, even if successful, will auto-
matically lead to design procedures that are simple. Theory may show the
way to solve a hard problem, but it cannot be expected to eliminate the
need for the data or the computations that are intrinsic to the problem.

To put the thoughts of the last paragraph into direct form, one can say,
first, to the engineer: don’t expect too much. It is characteristic of, and a
virtue of, fundamental theories that they are general. Don’t expect a
fundamental result to solve a detailed problem. Be satisfied if it tells you
the data you need, the calculations to make, and some general facts about
the result you will get. And, incidentally, don’t be surprised if some of the
data you need are data you can’t get. This may mean that the theory has
not been general enough.

Similarly, to the mathematician, one can say: don’t expect too much.
It is you who must find the right problems. Don’t expect engineers to give
you good problems ready made. They will give you problems—specific,
complex, computational, unrewarding. It is you who must develop the
intuition to see the phenomenon behind its manifestation. It is you who
must develop the practical sense to make the right idealizations and to
establish the right criteria of performance.

I have emphasized mathematical opportunities and the needs of tech-
nology for better theory and better understanding. Let me close by em-
phasizing what I think is an important specific need of the mathematician—
indeed even of the mathematician already working in the field. This is the
need for a comprehensive synthesis from a mathematical point of view
of the present state of knowledge. We need, and the subject is ripe for, an
inclusive account of the several important streams of mathematical thought
now flowing, an account which relates these to each other and to the prob-
lems of technology that gave them rise. From this, alone, I suspect, one
would perceive mathematical gaps which would be usefully and rather
easily closed. Perhaps opportunities for useful generalization would also
become evident. Such an account would also provide a framework within
which to formulate further problems of technology, many of which, I am
sure, have not been sensed by mathematicians in enough generality to be
interesting.

Perhaps the greatest direct contribution the Society could make to the
further development of the theory of control would be to stimulate and
publish a sympathetic, consistent, and unified synthesis of the field from a
mathematician’s point of view. One can hope that by centralizing and
encouraging publication on control, the Society may succeed in doing this.
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STABILITY AND CONTROL*
J. P. LASALLEY}

1. Introduction. It is reasonable to assume today, as perhaps was not
so in this country a few years ago, some knowledge of Liapunov’s concepts
of stability and of his direct or second method for the study of the stability
of dynamical systems. Even so, I would like to review first his definitions
of stability and his principal theorems. It turns out, if we discuss first the
general stability problem as it arises in the theory of automatic or feedback
control systems, that we are led rather naturally to Liapunov’s stability
method. Following this natural course, we will find ourselves reversing
the usual order of presentation. We discuss first the theorems and after-
wards the nature of the stabilities assured by the theorems. Next, we shall
look at some simple illustrations of the application of the Liapunov method
and then consider some linear and nonlinear control problems.

It is, of course, impossible for us today to consider any of these topics
in great detail, and for this reason I have included a list of references.
Although this list contains a few references which are there only for his-
torical reasons, it is designed primarily to tell you where you might begin
to obtain more detailed information about the topics I intend to discuss.

2. Stability of control systems and Liapunov’s direct method ([1]-[5]
and [7]). To make things simpler for ourselves, let us assume at the outset
that all of our functions have continuous first partial derivatives. In many
places this is far more than is required but is satisfactory for our purposes.

The behavior of the control system is, we assume, described by a system
of differential equations of the form

d’i=fi(xlr"'3xn7u17'°',u7')’ 7:=1,"',7L,

where &; = dx;/dt. Making use of vector notation, we can write this system
in the more manageable form

@ % = f(z, u)
where
1 Uy fl
z=1{:], u=|*%], and f =
s Ur f"
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We look upon z as the “error” in control and u as the control function
we wish to select. The uncontrolled system is

@) &= f(z,0),

and zero error is an equilibrium state: f(0, 0) = 0. The control system is
to be automatic—another way of saying this is that we want feedback
control—and u is to be a function of the state of the system z. Thus, we
will have

®3) ¢ =f(,u@) =F@), F©O) =0

The class of allowable control functions w will be limited. They may be
restricted in range and may be limited to being special types of functions.
In fact, it can be that we are able to choose only a finite number of parame-
ters that enter into the description of the control u.

An early example of this was the problem considered by Minorsky [17]
in 1923. He was concerned with the design of an automatic steering device
for a large ship (the New Mexico). The differential equations for the
turning moment of the ship were approximated by

ad + bo — co = 0, a>0,b>0,¢c>0.
The uncontrolled motion was unstable and the controlled system was
ab + b — co = u (o, 9, §)
where
u(9, 6, ) = — (ab + B6 + ~0).

The problem was a completely linear one and the equations of the con-
trolled motion could be written

@+ a)f+ b+B)0+ (v —c)o = 0.

The coefficients «, 8, v of control were selected to stabilize the ship (y > ¢),
to decrease the moment of inertia (¢ + o > 0 with « as negative as pos-
sible), and to increase the resistance to turning (8 > 0). The question
of stability offers no difficulty here and the other parameters could be
selected intuitively or by experimentation. Such simple linear problems
offer no difficulties.

Let us return to the general problem of the control system (3). Although
this is not the only way of proceeding, we assume that what we want to
do first is to assure that the control tends to keep the error small and
also tends to reduce the error monotonically. With this point of view we
have a natural way of presenting Liapunov’s direct method. Let V (x)
be a measure of the error x. V (x) is real-valued and to be a reasonable
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measure, at least locally, it must be positive definite. This means that in
some neighborhood N of the origin (perhaps a sphere of radius r around
the origin)

V) >0, z # 0,
V(©0) = 0.

Define now for the system (3)

V(z) = (grad V) +F ().

This function can be computed directly from the differential equation
without a knowledge of the solutions and is why Liapunov’s method is
said to be direct.

If z(¢) is a solution of (3), then

4)

) LW @) = V(w),

the rate of change of V along solutions. If the system is to tend to keep
the error small, we want

(6) V() £0, zin N.
If we want the system to reduce the error monotonically, we want
(7) V(@) <0, =zinN,z 0.

Liapunov’s StaBiuity THEOREM. If V satisfies (4) and (6), then the
origin is a stable equilibrium state of (3).

LiapuNov’s Asymproric STABILITY THEOREM. If V satisfies (4) and (7),
then the origin is asymptotically stable.

THEOREM ON ASYMPTOTIC STABILITY IN THE LARGE. If V satisfies
(4) and (7) for all x = 0 and #f, in addition, V(z) — «© as||z]| — =,
then the origin is asymptotically stable in the large. (|| x || denotes the Euclidean
length of the vector x).

THEOREM ON THE SiZE OF THE REGION OF AsymproTIC STABILITY. If
the region R defined by V (x) = ¢ is bounded and if (4) and (7) hold for all
zin R, x #% 0, then R s contained in the region of asymptotic stability.

We shall explain in a moment the precise meanings of these stabilities.
What we have seen is that a system which ‘“tends to keep the error small”’
corresponds to stability and that one which does this and at the same
time “tends to reduce the error monotonically’’ corresponds to asymptotic
stability. What does this mean precisely? Let z (¢, °) be the solution of
(3) which starts initially at 2°(z (0, 2°) = 2°). Then the origin is said to
be stable if given e > 0 there is a & > Osuch that [|2°| < & implies
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|z, 2°)]| < efor all t > 0. If, in addition, there is an n > 0 with the
property that || 2° || < % implies z (¢, 2°) — 0 as t — «, then the origin is
said to be asymptotically stable. The set of all z° for which z (¢, z°) — 0
as t — oo is called the region of asymptotic stability. If the region of asymp-
totic stability is the whole space, then we say that the origin is asymp-
totically stable in the large.

Mathematically, the above theorems are simple elementary results
but they provide us with the only general method we have for studying
stability that takes into account the nonlinearities of the system. Described
in a general way one approach to the problem of control is that of finding
a suitable Liapunov function V (z). Then V depends on both  and u.
Within the allowable set of control functions we can pick out a subset of
controls which give an asymptotically stable system. Then within this
subset of stable controls we can on the basis of other criteria or exper-
imentation select the one that is best. Let me add that it is not necessary
to proceed in this fashion. We may begin by optimization if we are certain
that the optimization implies stability. This can often be established by
Liapunov’s method [12].

3. The practical significance of Liapunov stability ([3], [6]-[11]). The
concepts of stability and asymptotic stability defined above are due to
Liapunov and could be called stabilities under sudden perturbations. The
perturbation suddenly moves the system from its equilibrium state but
then immediately disappears. Simple stability says that the effect of this
will not be great if the sudden perturbation is not too great. Asymptotic
stability states, in addition, that if the sudden perturbation is not too
great, the effect of the perturbation will tend to disappear. If the system
is asymptotically stable in the large, the effect of the perturbation tends
to disappear regardless of the size of the sudden perturbation.

In practice, however, the perturbations are not simply impulses and
this led Duboshin, a Russian, to consider what he called stability under
persistent perturbations. Today this is called simply total stability.

Let the unperturbed system be

3) % = F(x)
and the perturbed system be
(3%) i=F@) + p,t).

The system (3) is said to be totally stable if given ¢ > 0 there isan n > 0
and a 6 > 0 such that if || 2" || < nand || p(z, t)|| < éfor allz and ¢ = 0,
then

|| %@, 2°)| < e forall t> 0;
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z* (¢, 2°) is the solution of (3*) satisfying z* (0, 2°) = 2°. This says that
if the perturbation is not too large and if the system is not too far from
the origin initially it will remain near the origin. One sees easily enough
that a system may be stable without being totally stable. Consider an
undamped simple harmonic oscillator with one degree of freedom. How-
ever, as was shown by Malkin and independently by Gorshin, asymptotic
stability of (3) implies total stability. This result is a simple consequence
of the converse of Liapunov’s theorem on asymptotic stability.

Recently Seibert and Auslander have shed new light upon the nature
of these stabilities. They have shown that starting with Liapunov’s sta-
bility there are a whole hierarchy of stabilities (one for each ordinal num-
ber) none of which imply stability under persistent perturbations. In
addition, they show that if (3) is asymptotically stable, then it possesses
a stability under perturbations which is stronger than total stability.
They say that a system is strongly stable under perturbations if it is totally
stable, and in addition, has the property that there is a p > 0 such that
given ¢ > 0, there is 2 § = 6(¢) and a 7 = 7(e) such that

2"l <o, oG] <3
imply
¥, 2%)| < e forall ¢= 7

It turns out, as they show, that this strong stability under perturbations
is equivalent to asymptotic stability. This gives us even greater confidence
that asymptotic stability means practical stability.

There is another recent result which establishes an important relation
between control and asymptotic stability. Consider now the control system

z = f(.’l;, v(t)),

where we consider the control to be a function of {. Assume that the un-
controlled system

&= f(z,0)

is asymptotically stable in the large and that the allowable control and
the control system is in some sense—technically too extensive to explain
here—*“proper”’. Then Markus and Lee [22] have shown that for each
initial state 2’ there is a control function »(¢) that moves the system to
the origin in finite time. If one could go a step further and show that there
was a feedback control function u(x) that moves the system from each
initial state to the origin in finite time, then this would be much stronger
than asymptotic stability and we could expect the system to have an
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extremely strong stability under perturbations. Later we return to this
question and consider an example to illustrate this point.

4. Asymptotic stability of linear systems ([6] and [12]). Consider the
linear system
&= D ai;
=
or in matrix notation
8) & = Ax.

We know that the question of asymptotic stability is simply the algebraic
one of determining whether the characteristic values of A have negative
real parts and that there are many criteria for deciding this question.
Let us look at one that arises from the Liapunov method. Let @ be a
positive definite (symmetric) matrix. Then the quadratic form

V) = 3 i = 20
is positive and ,
Vz) =2 (4'Q + Q4)z.
(A’ is the transpose of A.) Therefore, if
) A'Q + Q4 = —C, C positive definite,

then the system (8) is asymptotically stable in the large by the third
stability theorem given in § 2. Conversely, if (8) is asymptotically stable,
then corresponding to each positive definite matrix C there is a unique
positive definite matrix @ satisfying (9). In fact,

I

_ ® Aty At
Q_fo A0 dt.

Thus, we see for a linear system with constant coefficients that the problem
of stability is reduced to that of determining whether the linear system
of equations (9) has a positive definite solution @.

b. General criterion for asymptotic stability in the large ([23]-[26]).
In this second illustration we use an idea due to Hartman to obtain in a
simple way what had previously appeared to be a fairly complicated result.
We are still considering the system

3) &= F(z), F) = 0.
Take as the Liapunov function any positive definite quadratic form

V = 2'Qa.
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Then

V =F()Qx + 2'QF (z).
Note that

F(z) = fol J(sz)x ds

where J (z) is the Jacobian matrix of F (z). This identity follows easily
from computing d(F (sz))/ds. Using this identity, we have

V= fol 2’1 (s2)Q + QJ(sz)]x ds.

Therefore, as a consequence of the third theorem stated in § 2 on asymp-
totic stability in the large, we see that #f for some positive definite matrix
Q, J' (2)Q + QJ (z) is negative definite for all x ¥ 0, then the system (3)
is asymptotically stable in the large.

6. Improvement of stability and control of linear systems ([12], [17],
[19], [20]). What we wish to do here is illustrate by a rather simple example
the way in which Liapunov ideas can be used to select controls that im-
prove stability and at the same time improve performance. We assume
that the uncontrolled system

I = Ax

was asymptotically stable to begin with or that it has already been sta-
bilized. We are able to add more control and take the controlled system
to be of the form

& = Az + Bu,

where z is an n-vector, A is a constant # X n matrix, B is a constant
n X r matrix, and » is an r-vector. Our objective is to select a control u
that increases the stability and at the same time improves performance.

We consider the case where the performance criterion is the quadratic
functional

I(2%u) = f 2'Cx + w'Ru] dt,
0

where C and R are positive definite matrices. With a specified initial state
2° and a given control function u, the solution of the controlled system is
determined uniquely and the above integral is then a line integral along
the solution. We are not sure that this integral exists but will see in a

moment for the controls we select that it does exist. f ¢'Cz dt represents
0
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the “cost’ of the error and f ' Ru dt the “cost” of control. Select
0

Viz) = 2'Qx

where 4'Q + Q4 = —C.
Note first of all that with no control (u = 0)

V() = —2'Cz,

and integrating from ¢ = 0 to { = « we have, since the system is asymp-
totically stable,

V') = I@E°0).

The value of V at the initial point is equal to the measure of performance
with no control. We want then to select a control  which increases stability
and at the same time improves performance (I (z°, u) < I(2’, 0)). For
the system with control,

V(@) = —2'Cx + v'B'Qw + 2'QBu = —2/Cx + 2u'B'Qu.
Let P be any positive definite n X r matrix and take
—Pu = 2B'Qx;
that is,
= —2P7'B'Qx.
This is linear control and we are assured that it improves stability since
V() = —2'Cz — u'Pu.

However, do we obtain improvement in performance? Again integrating
from ¢ = 0 to ¢ = o, we have as before

) = [ devdt+ [ w'Pud
V(z") fo z Cx t+f0 u Py dit
and
I u) = V() — f uw Pu dt +[ ' Ru dt.
0 0
Since V(z°) = I(°, 0), we obtain immediately

105, 0) — I, u) = fow WP — R)u d.

We then see that we will have improved performance (I (z°, u) < I (2’ 0))
by using this control if P > R, that is, if P — R is positive definite. Thus,
if we were to take P = AR we would obtain improvement only if A > 1.
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We do not draw the conclusion that making X larger improves performance.
With P = AR the solution over which the line integral is being evaluated
depends upon A. We are only sure that an optimal A is greater than one.

This example is meant only to illustrate what can be done with Liapunov
functions, and we leave two questions unanswered. The first is with P
= AR: what ts an optimal choice of N? The second and more important is:
can one iterate this scheme and converge to optimal linear conirol (a linear
control that minimizes I (z°, ))? One may also have some choice of the
matrix B, and this we have not taken into consideration.

7. Stability of nonlinear control systems ([2]-[6], [12]-21]). The most
celebrated problem is the one first considered by Lurie and Postnikov,
studied in considerable detail by Letov, and put in order mathematically
by Lefschetz and Yacubovic.

The control system is described by a system of differential equations
of the following form

¢ =dz — (o)

where 4 and z are as before, b and d are n-vectors, f (o), ¢ and r are scalars
(real numbers). The uncontrolled system & = Az is assumed to be linear
and asymptotically stable and f is any continuous function satisfying

af (6) > 0, o # 0.

The ¢ is the feedback control signal and f is the characteristic, say, of a
servomechanism. We then want to determine conditions on the parameters
b, ¢, and r which assure that the system is asymptotically stable in the
large for all f(¢) of the above type. If b, ¢, and r have this property, the
system is said to be absolutely stable. Thus, absolutely stable systems are
stable for a whole class of functions f and possess a strong stability relative
to perturbations of f.

The general idea behind the solution of this problem is the following:
Take

V(z, o) = 'Qc + fovf(o) do

where Q is selected as before so that A’Q + QA = —C, C > 0, Q > 0.
It then turns out that

V= —2'Cx+ 2f(0) (Qb + L d)x — (o)

is a quadratic form in z and j (o). It is then relatively simple to write
down conditions on the parameters that assure that V is negative definite.
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For instance, one may pick @b 4+ % d = 0 and r > 0. Since C is an arbitrary
positive definite matrix, there are many ways of doing this and there has
been much discussion of simple kinds of sufficient conditions.

Let us look at a quite different type of nonlinear control. The example
is somewhat artificial but I believe illustrates a point. Consider the linear
system

& = Ax + Bu

where B is a nonsingular n X n matrix and the control « is subject to the
constraint | w || = 1. Select

V = 2'Qz,
where @ as before satisfies
AQ+Q4A=-C, C>0.

Then
V=—2Cx+ u'B'Qx + 2'QBu.

Now the choice of u that minimizes V is clearly
u= —B'Qx/| B'Qx|
and
/= —2'Ce — 2| B'Qz .
Thus for z # 0,
V<—-2]|BQ| =< -2V, a>0.
Taking W = V*, we obtain
W< —-—a<0, for z = 0.

Therefore, this control reduces W to zero in finite time which means that
from each initial state the system is brought to the origin in finite time.
This, of course, cannot be done by linear control and the system has, as
we shall show, an extremely strong stability under perturbations.

With the above control, consider the perturbed system

*) &= Az + p(z,t).

For this perturbed system
W, =W + grad Wep.

Since for z = 0, || grad W || < k, we have for all z # 0 that
We< —a+klp].
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Hence, if || p || £ 8 < a/k, the system retains the property that from each
initial state the control brings the system to the origin in finite time.

This establishes, at least for this particular case, what we believe in-
tuitively and know from experience: Feedback control should result in a
system that has an exceptionally strong stability under perturbations. A general
result of this nature is certainly of mathematical and theoretical interest
and should be of considerable practical significance.

8. Stability of functional differential equations ([29], [30]). In the last
five years or so there has been an active research effort, particularly in
the Soviet Union on what can be called functional differential equations.
Such equations include, for example, quite general types of differential
equations with delays where the delay may depend on the time and also
the state of the system. As another example one might well wish to select
a control that depends not only upon the present state of the system but
which depends, perhaps, on the integral of the state over an interval of
the past. Thus, in the system (1) we might have

U =u (w(t), ‘/:5 2(7) d7->
#(t) = f(x(t),u(x(t), ft;x(r) df».

The system (3) then becomes

and

i = F(x)

where now F is a functional and this is then a functional differential equa-
tion. Much of the Liapunov theory has been extended to systems of this
type [29] and Hale in [30] has shown that the converse theorems are a
powerful mathematical tool for deriving general results concerning these
equations. This would appear to be an area of mathematical research of
considerable interest and importance.
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MINIMUM EFFORT CONTROL SYSTEMS*
LUCIEN W. NEUSTADTY

Abstract. An optimal control problem is considered in which it is desired to transfer
a linear control system from one given state to another state. The target state may
either be a point or a convex closed set. Optimization is understood in the sense of
minimizing the control effort, where effort is defined either as maximum amplitude
or as an integral of a certain function of the control. The optimization problem is
reduced to the problem of finding the unique minimum of a function of n variables
(where n is the order of the system). It is shown that the method of steepest descent
is particularly applicable to finding this minimum, and consequently to determining
the minimum effort and optimal control.

I. INTRODUCTION

We shall consider control systems whose state at any time ¢ is described
by an n-dimensional vector x(t) which satisfies the ordinary differential
equation

1) () = AWz @) + BOu).

The solution of (1) depends on the choice of the function u () which we
shall refer to as the control function. This control function is also assumed
to be a vector whose components we shall denote by u'(t), -+, u (t).
Throughout this paper we shall assume that the «’(f) are bounded meas-
urable functions, and that A ({) and B(¢), which are n X n and n X r
matrices, respectively, are continuous in ¢. We shall denote the columns
of B() by b;(t),j =1, ---,r.

If «* (t) is an arbitrary (bounded and measurable) r-dimensional vector
function defined for t{, < ¢ < #,, the solution of (1) with u(t) = u*(t)
exists on the interval [t,, #] for an arbitrary initial condition = (f) = 2o .
(For ease of notation, let us henceforth suppose that &, = 0.) If 2(¢) is
this solution, and 2 (T) = & where 0 = {, = T = t;, we shall say that
u* (@) transfers x from xy to & in time T.

Consider the following problem. Suppose that a “response time” T, T > 0,
is given, and that a real valued function & is defined, where the domain of
& is the set of all bounded, measurable, r-dimensional vector functions
on [0, T]. We shall say that & (u(¢)) is the effort associated with « (). Then
our problem consists of the following: Given an initial state x, and a desired
final state z; (which may depend on T, find a control function u* (f)
which transfers x from o to 2; in time 7, and in so doing minimizes the
control effort &; i.e., if 4(¢) is any other control which transfers x from a,
to z, in time T, (4 (t)) = &(u*(£)). Then, w*(t) will be called the min-
imum effort control, and &(u* (t)) the minimum effort.

This problem may have no solution, either because there is no control

* Received by the editors April 6, 1962.
1 Aerospace Corporation, El Segundo, California.
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which transfers x from x, to z; in time 7', or because the minimum of the
values &(u(f)) is not achieved (on the required set of u(¢)). However,
for the particular cases which we shall consider, neither of these difficulties
arises.

Suppose that a solution to the problem exists for all response times 7'
in some interval. In this case, let f(T) be the function which expresses
the minimum effort as a function of 7' in this interval. In most physical
problems, short response times correspond to large efforts, so that a con-
trol system designer must ‘“trade-off’’ the desirable features of rapid action
and small effort. Knowledge of f(T") will enable him to make an intelligent
choice in designing a maximum effort capability into his system. Since
2o and x; may not be known a priori, and the function f clearly depends on
them, it is probably necessary to compute f for a representative set of
initial and terminal states. The actual optimal control may be difficult
to implement in practice, but even for a non-optimal control law, f(T")
provides a definite lower bound on the control effort required to perform
a specific task.

In this paper we shall consider that &(u(¢)) is defined in one of two
ways: either as the maximum control amplitude (see (4)), or as the in-
tegral of a certain function of the control (see (18)). We shall show that
the minimum effort and minimum effort control can be obtained in both
cases by solving a simple variational problem, in which it is required to
find the minimum of a functional F of » variables. We shall show that ¥
has continuous first partial derivatives which are easily evaluated. Fur-
thermore, we shall show that F has no extrema other than the desired one,
so that the method of steepest descent can be used to compute the minimum.
Finally we shall generalize the problem to the case where the target point
x; is replaced by an arbitrary convex set.

The variational formulation which we shall present and derive was
first given by Krasovskii [1, 2]. However, Krasovskii did not exploit his
result to derive a computational method. Furthermore, our derivation
differs from Krasovskii’s. We shall use some geometric arguments similar
to the ones introduced by Bellman, Glicksberg, and Gross [3], and later
used by LaSalle [4], Gamkrelidze [5], and others. Krasovskii took the
viewpoint that & is a functional on an L” space, and used some results of
Krein on the so-called L-problem to derive the variational form.

We also note two other approaches to the problem in case & is given by

T
an integral of the form f G (u(t)) dt, where @ is a sufficiently smooth
0

scalar-valued function. One is from the viewpoint of the classical calculus
of variations, using undetermined Lagrange multipliers. This approach
has been described by Desoer [7] in a slightly different context. The other
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approach, using the Pontryagin maximum principle, has been described
in [6]. In both these methods one is eventually faced with the problem of
determining n constants—the Lagrange multipliers in the first case, and
the initial conditions of an adjoint solution in the second. These constants
are analogous to the coordinates of the vector 5 introduced below.

Krasovskii [1, 2] was interested in the time-optimal problem, in which
a maximum value for & (u(¢)) is given, and it is desired to find a control
u*(t) which transfers 2 from 2, to #; (both points are given) in minimal
time, subject to the maximum effort constraint. If the function f(7') and
the corresponding minimum effort controls «* ({) have been computed, the
time-optimal problem is solved by noting the smallest value of T for which
f(T) is not greater than the prescribed maximum effort. A different, more
efficient method of computing time-optimal controls has been described
by the author [8]. In this method it is only necessary to carry out one
maximization similar to the one described below, as a result of which
both the minimum time and the time-optimal control are derived. Another
method of computing time-optimal controls has been described by Ho [9].
This method is one of successive approximations and requires optimizations
at various values (guesses) of the minimal time.

We note that the general solution to (1) with initial condition x(0)
= 1, is given by

(2) z(t) = X(¢t) I:xo -+ fot X7 (s)B(s)u(s) ds:l,

where X (f) is the matrix solution to the equation
X = A0XO,
X (0) = I (the identity matrix),
and X' (t) = Y (¢) satisfies the equation
Y* = —4%Y, Y(©0) =1,

®3)

where * denotes transpose.

II. EFFORT DEFINED BY MAXIMUM AMPLITUDE

Let us first consider the case where
4) &(u(l)) = maxigj<rSupogesr | 4 (1)1,

Physically, this might correspond to the maximum thrust available in gas
jets of a satellite attitude control system.

Suppose we are trying to ‘“hit”’ a moving target z; (¢), where the vector
function z; () is continuous. Then, for a fixed time T > 0, we wish to
find a control w* (t) which transfers  from x, to z; (T) in time T, and has
the property that if 4(¢) is any other control which performs the same
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transfer, then
max; SUpo<i<r | % (£)| £ max;supo<i<r | 4°(2)].
Let us define the functions y(f) and ¢(t, ) by
() y@) = X7 On() — =,
(6) git, n) = X (O)B(®),

where 7 is the n-dimensional (row) vector (v, -+, 9"), y(t) is an n-
vector, and ¢ (¢, n) is an r-dimensional row vector whose coordinates we
shall denote by ¢°(t, n),j = 1, --+, 7, so that ¢’ = 7<X""b;. Let us use
the notation [sgn g(t, n)] to indicate the r-dimensional column vector
function® whose j-th component is sgn ¢’ (¢, 7). Finally, let

(7) Fln, T) = ; [ 16 1a

We shall say that the control system is normal (following LaSalle [4])
if, for every fixed vector y ¢ O and everyj = 1, .-+, r, the set of ¢t > 0
for which ¢’ (¢, #) vanishes has measure zero. Then F (5, T) > 0 for every
70,7 >0.

TaEOREM 1. Given the mormal control system defined by (1), the initial
point xo, the target point x1(t), the time T > 0, and the “effort” function
defined by (4), then there exists a minimum effort control w* (8) which transfers
x from xo to 21 () wn time T. If y (t) defined by (5) does not vanish for t = T,
the minimum effort Emim = & (" (£)) is given by

(8)

= min F(9, T),
gmin n€EP
where F 1s gwen by (7) and P s the plane 9y (T) = 1. Furthermore, the
manimum effort control is unique (to within a set of t of measure zero), and
s given by

) u*(t) = Eminsgn g(t, 1),
where 7™ is any vector in P for which the minimum in (8) is attained. Finally,
if y(T) = 0, the control w*(t) = 0 s the desired minimum effort control.

Proof. If y(T) = 0, (2) and (5) show that u(f) = O transfers z from
2o to 2 (T) in time 7. Suppose now that y(T) # 0. Define the set C'r by

Cr = { f "X OB d;
(10) 0

u’(t) measureable, [u'(¢) | £ 1,/ =1,---,r,0 =t < T}.

! This function is not well defined when ¢7 (¢, ) = 0, but by the assumption which
follows, the set of ¢ for which this is true has measure zero.
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It is easy to show that C; is a convex, bounded set in n-space which is
symmetric with respect to the origin. Also, Cr is closed (for example, see
[4, Lemma 2]). Furthermore, Cr does not lie in any linear subspace of
dimension less than 7, so that it is a convex body. To show this, assume
the contrary. Then there is a vector 6 orthogonal to this subspace. There-
fore, 6 is orthogonal to Cr so that 8+¢ = 0 for all { € Cr. But if

= [07’ X' ()B(t) sgn ¢(t, 0) dt,

&€ Crand 0-¢* = F(9, T). But (6, T) > 0 by our normality assump-
tion, and we have a contradiction. Thus, if p is any nonzero vector, there

are vectors {1, -+ -, {m of Cr and real numbers (not all zero) Ay, -+, Ny
such that Z’Z‘:l N = p. Because of the symmetry of Cr, we may assume
that \; =2 0, ¢ = 1, -+, m. Since Cr is convex, kp € Cr where k is the

positive number > 7 \;. We shall use this fact below.
Let us denote the control function sgn g (¢, ) by u(, %), and define
the point z (7', 1) of Cr for every n # 0 by

(11) «7,9) = | " XTOB@u, 1) dt

Note that n+z(T, 1) = F(y, T). Furthermore, it is easy to show that
12) nez(T, n) > g+, forall¢ € Cr, ¢ 5= 2(T, 7).

Also, u(t, n) gives the only (disregarding sets of measure zero) repre-
sentation of z(T, ) in the form (10). Thus, z(7, ) is a boundary point
of Cr, and # is the outward normal of a support plane to the set at this
point (or, as we shall say, » is a normal to Cr at z(T, 5)).

Now define

a = max f.
By(T)eCr

Since y(T) £ 0 and Cr is compact and contains the origin, « is defined,
and by what was said earlier, o > 0. It is clear that ey (T') is a boundary
point of C'r . Let n* be the normal to Cr at ay (T'), so that n*eay (T) = n*«¢
for all ¢ € Cr.Then it is easy to see that ay(T) = 2z(T, n*), so that
F(n*, T) = 9*z(T, 1°) > 5"+ for all { € Cr distinet from oy (T). Since
F(n*, T) > 0 and the length of 7" plays no role in our discussion, we may
assume, without loss of generality, that n*«y(T) = 1. It readily follows
from (2), (5), and (11) that the control u*(t) = o u(t, #*) transfers
x from xo to z; (T) in time 7. Also, & (u* () = o', so that Emin < o .

Now suppose that 4(¢) is a control which transfers x from zo to z,(T)
in time T. We shall show that & (4 (f)) = o, so that &min = a . It follows
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from (2) and (5) that
ur) = [ X 0Bw @,
and if we set @(t) = [6(4())] "4 @) (so that &(@(@)) = 1), the vector
(13) y(T) = /OTX"I(t)B(t)a(t) dt

S(u(t))

belongs to Cr . Then, by definition of o, &(4(f)) = o "

Thus, v* () is indeed a minimum effort control. To show it is unique,
suppose that 4 (¢) is defined as above, and that §(2(f)) = « . Then the
vector (13) is ay (T) = 2(T, n*), and because of the unique representation
of this vector in the form (10), @ () = w(Z, #*) almost everywhere. Hence,
() = 4@) ae.

Let us verify (8) and show that n* is a minimizing vector. By what has
already been proved, if 5 is any vector in P (i.e., n-y(T) = 1)

(14) F(n, T) = nz(T,n) Z neay(T) =
Furthermore, ay (T) = 2(T, n*), and 4° € P, so that
(15) a=1q"2(T, 1) =F',T).
Combining (14) and (15), we obtain the desired result

1 = q = min F('I]’ ,_1') = F('n*, T)o

Emin n€P

(16)

To complete the proof of the theorem we need only show that if »**
is any other vector in P at which (8) takes on its minimum, then (¢, 7*)
= u(t, n**). But suppose that F (o™, T) = F(1*, T) = a, and that
7%y(T) = 1. Then F(n™*, T) = n™*2(T, n**) = a = 7™ ay(T).
Because of (12) it follows that z(T, n**) = ay(T) = 2(T, 7). Since the
representation of z(T, n*) in the form (10) is unique, u(f, n*) = w((, n**)
a.e.

Note that the vector n* € P which realizes the minimum in (8) need
not be unique. This corresponds to the geometric fact that there may
be more than one support plane to Cr at ay(T). To each support plane
at ay(T) there corresponds an 5*. For each of these n* the minimum
effort, control u* (¢) is the same. Let us denote the set of these minimizing
vectors, which is a closed convex subset of P, by H.

We claim that the function F (5, T) has no extrema on P away from
the set H. It is shown in [8] that F'(n, T), as a function of 4, ---, ",
is in C", and that its gradient is given by

VF(n) = 2(T, 1) #0.
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Thus, F has an extremum on P if and only if VF () = 2(T, 9) = Ky(T)
for some constant K, since y (') is the normal to P. But z(T, %) is a bound-
ary point of Cr for every %, and the only multiples of y(T) which are
boundary points of Cr are #ay(T). However, if z(T, 4) = —ay(T), 4
cannot belong to P because 0 < 4+2(T, %) = —afi-y(T), or H+y(T)
= —a '42(T, %) <0, and #+y(T) 5 1. Therefore, if F has an extremum
in Patn 2(T, 9) = ay(T), which implies that F(n, T) = n-2(T, )
= neay(T) = a;ie., n € H.

Thus, consider finding the minimum of F on P by the method of steepest
descent. To do so, we let 5 be a function of a parameter r and solve the
differential equation

dn _ _ [VF-y(T)]y(T)
(17) N TN
__ (T, ][y (1))
= e v

where the right-hand side is the component of VF in P. The terms in the
right-hand side of (17) can be computed directly in terms of known quan-
tities (see (11), (6), (5), and (3)). The term 5+X '(¢) which occurs in
(6) may be computed as follows. Let y (¢, 7) = X* " (t)n" = Y*4" (where
7" denotes the transpose of 7); then,

Wh) o a* Wy, y(0,7) = o".
Equation (17) can be solved on an analog computer, provided that a
sampling procedure is used in the computation of z(T, 5). (The latter
cannot be computed instantaneously since an integration is required.)

Since F € C', if the steepest descent method converges at all, it must
converge to an extremum of /', which must be a point on the desired set H.

Theorem 1 essentially was first proved by Krasovskii [1]. The fact that
a control function which transfers x from x¢ to 2; in time 7', for arbitrary
2o, 21, and T > 0, does exist (which is an immediate consequence of
Theorem 1) has already been shown by LaSalle [4, Theorem 6]. As LaSalle
pointed out, one can even relax the assumption of normality in this exist-
ence proof.

Kulikowski [10] considered the same problem of minimizing the function
F. To do so he assumed that the components of X' (¢)b; (¢) could be ap-
proximated by n-th order polynomials in £, in which case he could compute
the minimizing polynomial explicitly. However, this polynomial approx-
imation may in general be inadequate.
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III. EFFORT DEFINED BY INTEGRALS

Now consider the case where effort is given by

T r
(18) [ 2w,
0 j=1
where each }; is positive, and p > 1. By redefining the u’(¢) and the b; (¢),
we can assume that A\; = 1forj = 1, ---, r. It is also convenient to con-

sider the (1/p)-th power in (18). This new definition obviously does not
change the minimum effort control. Thus, in this section we shall consider
that effort is defined by

(19) e(u(t)) = < [ ! ?;1 () Ivdt>w,

where p is a fixed number greater than one.

Physically, the most interesting case is when p = 2, in which case effort
may correspond to energy, power, etc. Furthermore, if p = 2, the term
Soin’ ()] in (18) can be replaced by an arbitrary positive definite
quadratic form, since a linear transformation on the u’, which does not
change the form of (1), will put the effort in the form of (19).

Let us define the functions y(¢), g(¢, ), ¢°¢, 7), and sgn g(¢, 1) as in
section II, but let us redefine the function F by

(20) ) = (5 [ 1etmra)

where ¢ is related to p by the relation p™ 4 ¢~* = 1. If the control system
is normal, F (g, T) > Oforall n = 0, T > 0.

We then have the following theorem.

TuEOREM 2. Given the normal control system defined by (1), the initial
point xo , the target point x,(t), the time T > 0, and the effort function defined
by (19), then there exists a minimum effort control w* (t) which transfers
from zo to . (T') wn time T. If y(t) defined by (5) does not vanish for t = T,
the minimum effort €min = & (¥ (t)) s given by

(21)

= min F(y, T),

Emin n€P

where F is given by (20), and P is the plane n+y(T) = 1. Furthermore, the
minsmum effort control is unique to within a set of ¢t of measure zero and s
gien by

(22) W) = u|git, )" sgng’t, 1),

where
# = 8nin [F (77*; T) ]_Q/p)
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and n* is any vector in P at which the minimum in (21) is attained. Finally,
if y(T) = 0, the control u*(t) = 0 is the desired minimum effort control.

Proof. If y(T) = 0, it is clear that u*(f) = 0 is the desired control.
Thus, we shall assume that y (7') 5 0. Define the set Cr , which corresponds
to the set C'r of Theorem 1, by

(23) C, = {foT X (&) B(t)u(t) dt; u(t) measurable, 8(u(t)) < 1}.

Using the Holder inequality and the boundedness of X '(t) and B(t),
we easily conclude that Cr is bounded. The set is convex because the func-
tion o(u) = @, -+, w) = D iy |u’|? is convex. It is also obvious
that Cr is symmetric with respect to the origin. As in Theorem 1 (making
obvious minor modifications) we can show that if p is any nonzero vector,
there is a positive number k such that kp € Cr .

Let us show that Cr is closed. Suppose that {z,} is a sequence of points
in C'7, with 2, — 2z, as n — «, and suppose that z, is represented in the
form (23) by the function u, (t). We shall show that there is a measurable
function u,(t) such that &(u,(t)) = 1, and

T
(24) T = f X ()B()ua(d) di,
0
which will prove that z, € Cr and that Cr is closed. Let us consider the

scalar functions u,’(t) (j = 1, -+ ,7;n = 1,2, -+ -) aselements of L* (0, T').
Clearly,

| () P de S ()] = 1

for all n and 7, so that the functions u,’(t) are uniformly bounded in the
1” norm. Hence, for each 7, we can find functions u.’(t) in L? such that a
subsequence of {u,’(t)}. converges weakly to U’ (¢)[11, p. 130]. Without
loss of generality we shall assume that u,’(t) — u.’ (f) as n — o weakly
for each j. If we let u,(f) be the function with components u,’ (t), (24)
follows from the definition of weak convergence. Thus we need only prove
that & (ue (£)) < 1. Let ¢ be defined by p™" + ¢ * = 1, and let

AT
An =2, f wa(8) | e’ () | sgn ue’(t) dt.
=1 Jo

By definition of weak convergence, as n — o,
T T
R RO R ORON
j=1JQ

where we have used the fact that pg™ 4 1 = p. But it follows from the
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Holder inequalities for sums and integrals and the fact that & (u, (1)) < 1
for all n, that

A, < / Z lunj(t) I luwj(t) Iplq di < fT (Z Iunj [p)llp (Z luwj ‘p)llq di
0 J 0 J J

= [8u(0))1".

Therefore,

& (U (1) ]” = lim A, < [8(ue (t)) IS,

or, since p — pg ' = 1, & (U (t)) = 1. Thus Cy is closed.
Now redefine the function (¢, ) for every 5 > 0 by (see (20) and
(6)),

(25) Wit,m) = [F(n, D)I? | g’(t, n)|"" sgn g’ (t, m),

and define z(T, 5) as in (11), where w (¢, 1) is given by (25). It is easily
seen that & (u (¢, 7)) = 1,sothatz(T, g) € Cr . Furthermore, as in Theorem
1, we have the identity -2 (T, n) = F (9, T). This can be verified immedi-
ately by direct substitution.

Let us prove that (12) is satisfied by every point ¢ in Cy distinct from
2(T, 1), and that the representation of z(T, %) in the form (23) is unique.
Thus, suppose that

¢ = fo ' X&) B@®)a(t) ae,

where
Zf |49 P dt < 1.
j=1J0
Then,
el s [ 3 10 na )] a
= [ S a
(26) 7 J

s([siwra) ([ swra)”

([ Zictmra) =1 = sz, o).



26 LUCIEN W. NEUSTADT

The second inequality in (26) follows from the Holder inequality for
sums. Equality in the first and second inequalities holds if and only if

4'(t) = K| g’(t, n)|“" sgn g’ (¢, n)

a.e., where K is a constant. If 4(f) has this form, the third inequality,
which follows from the Hélder inequality for integrals, becomes an equality.
Equality holds in the last inequality if and only if &(4(¢)) = 1. In sum-
mary, q¢{ = | 9+¢| = ne2(T, n) if and only if 4(t) = u(t, 1) ae., ie.,
if and only if ¢ = 2(T, 7). Hence, g+¢ < qe2(T,9) if ¢ € Cr, ¢ = 2(T, 1),
and u (¢, ) gives the only (disregarding sets of measure zero) representa-
tion of z(T, 5) in the form (23).

The remainder of the proof is an almost literal repetition of the cor-
responding part of the proof of Theorem 1 (beginning immediately after
(12)), and we shall omit it.

CorovLLARY. The condition in Theorem 2 that the conirol system is normal
can be replaced by the following hypothesis: For every vector n = 0, and every
T > 0, the set of t € [0, T] for which g(t, 7) 5~ 0 has positive measure.

Proof. The normality was used in both Theorems 1 and 2 to show that
F(n, T) > 0,if nand T do not vanish. It is easily seen that the alternative
hypothesis is sufficient to prove this relation. In Theorem 1 normality is
necessary to prove (12) and the unique representation of z (7, 7). However,
the same results can be obtained in Theorem 2 with the weaker hypothesis.

The case where p = 1 is of particular interest in applications. However,
this case presents some difficulties which do not arise when p > 1. In the
first place there is generally no minimum effort control in the strict sense.
To realize such a control one must allow delta functions. Let §(¢) denote
the unit delta function at ¢ = 0.

Define

F(y, T) = max max |g (&, )|,
0 SELT 1<
and assume that for each j and each % ¢ 0 there are a finite number of
times 7 € [0, T] at which | ¢°(t, )| = F(n, T). This number may depend
on 7, and may be zero. Of course, the values of 7’ depend on 7.
Then, the minimum effort is again given by (21), and if »* € P is a
minimizing vector, the minimum effort control «*(¢) is given by

ut@) = Z pid(t — =),

where the 'r,‘j. correspond to n = 7%, sgn u’ = sgn ¢’(+, 1) or u’ = 0,
and D ;| u| = &min. If the set of 7,/ is empty for some j, u*’(t) = 0.

A computational difficulty arises because n* does not completely de-
termine «* (). Indeed, the 7 are determined, but the u;’ in general are
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not. Furthermore, the minimum effort control may even not be unique.
In addition, the steepest descent method described below cannot be applied
since F'(n, T) may not be differentiable.

The derivation of the above relations is very similar to the proof of
Theorem 2, but since the relations do not serve our purpose, these deriva-
tions are omitted. Note that the corresponding set Cr is not closed, which
accounts for the absence of true minimum effort controls.

Most of the results of Theorem 2, as well as the relations for the case
p = 1, were first derived by Krasovskii [2].

Let us note that the method of steepest descent can be applied to the
computation of the minimum described in Theorem 2. It is more con-
venient to deal with the function G(n, T) = [F(y, T)]% than with F.
Clearly F and G have the same minima. Now,

aG_ - d ! J q _ . T ad i q
Ceri[ivenra=-%[ Zidenra,
and
gty m) = X (1)b;(t) = I;lnkyjk(t),

where y,* is the k-th component of X 'b;, ie., y*(t) = X" ()b;(1),
where ¢" is the k-th (row) coordinate vector. Then it is easily seen that

P lg’(t,m) |* = qui'(t) | g’ (¢, m) |" sgn ¢’(¢, 0),

so that

oG

r T
55 =€ Zf X7Ob; () g7t 1) |7 sgn g’(8, ) dt
n =10

= ol DI - X @B, ) dt

(see (25)). Thus,
VG = Mz(T, v),
where M = ¢[F (1, T)]”?; i.e., as in section II, the minimum of G, and

therefore of F, on P can be found by solving the equation (dropping the
positive “gain factor” M)

(27) D a(r,my + 2l .

d I y(T) ]2

Furthermore, the remarks that were made in section II with respect to
uniqueness of extrema apply here as well.
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IV. THE PROBLEM WHERE THE TERMINAL STATE IS A SET

Let us now consider the same problem described above, where the
target point x; (t) is replaced by a fixed target set Q. Thus, for each fixed
time T, we wish to find the control w*(¢) which transfers z from a, to
some point of Q in time 7', and has the property that if 4 (f) is any other
control which transfers x from z, to a point of @ in time T, &(4(t))
= &(u*(t)). The arguments of this section apply to the case where effort
is defined either as in section II, or in section III (with p > 1). We shall
assume that the set Q is closed and convex. A problem in this formulation
arises, for example, in the regulation of plants with numerator dynamics
[12].

If Q is compact, the minimum effort and minimum effort control may be
computed in almost the exact same way as in the case when Q consists of
a single point. It is only necessary to replace the plane P in (8) and (21)
by the set @ defined as follows.

Let Y7 be the set X "(T)Q — . Then Q is defined as the set of all
vectors n for which
(28) min ey = 1.

verr
Thus, we have the following theorem.

THEOREM 3. Given the mormal control system defined by (1), the initial
point o , the compact convex target set Q, the time T > 0, and the effort func-
tion defined by (4) or (19), then there exists a minimum effort control u* (t)
which transfers x from xo to Q in time T. If the origin does not belong to the
set Yo = X (T)Q — 20, the minimum effort Emm = & (1)) is given by

(29) min F(q, T),

min 7€Q
where F is given by (7) or (20), and Q is defined by (28). Furthermore, the
minimum effort control is unique to within a set of ¢t of measure zero and s
given by (9) or (22), where n* is any vector in Q for which the minimum in
(29) is attained. Finally, if 0 € Yy, u* () = 0 is the desired minimum effort
control.

Proof. If 0 € Y, it immediately follows from (2) and (5), and the
definition of Y, that «* ({) = 0 transfers & from z, to @ in time T. There-
fore, assume that 0 ¢ Y.

Now consider the set C'r defined in Theorem 1 (or 2), and let T
= {B:(8Y7) N Cyr isnot empty}. Since Q is compact, ¥ is also compact, and
since 0 ¢ Y, there is a neighborhood V of 0 which does not meet Y.
Thus, there is a positive e such that ||y || > efor all y € Y. Since Cr
is bounded, there is a number A such that || ¢ || < X for all { € Cz. There-
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fore, if 8 € T, B < N e Let a be the least upper bound of the numbers
B8 € T. Note that @ > 0. Let us show that « € I'. Suppose that 8, — «,
B. € T, and let y, be a point of Y such that 8,y, € Cr. Since Cy is com-
pact, there is a point ¢* € Cr such that a subsequence of {8,y,} converges
to ¢*. We shall suppose that 8,y, — ¢*. Then, since Y is bounded, it is
also true that ay, — 5 or ¥y, — (¢'¢*). But since Y, is closed,
(@) € Yyor¢* € (YY) N Cr, e, € T.Let ¢ = ay* where y* € Y.

Note that aYr cannot meet the interior of the convex body Cr . For if
¢ = ay, where y € Y, is an interior point of Cr, (1 + €)f = (1 4+ €)ay
also belongs to Cr for some ¢ > 0, i.e., ¢’ € Twhere @' = (1 4+ €)a > «,
contradicting the definition of . Thus, in particular, {* is a boundary point
of Cr (as well as of aY7r).

Since Cr is a convex body which meets the convex set aYr only at
boundary points of Cr, there is a plane which supports both Y, and
Cr at their common boundary point ¢* (see, for example, [13, p. 142,
problem 1]). In other words, there is a vector n* such that n*+f < 5*e¢™*
< n*eayforall ¢ € Crand all y € Y. Then ¢ = (T, %) (defined either
as in Theorems 1 or 2), and 77<¢ < #*+¢* for all ¢ € (', distinct from
¢ (see (12)). As a result, we can conclude that ¢* is the only point common
to Yy and Cr . Furthermore, we may assume, without loss of generality,
that ™+ = @, so that & < an*eyforally € Y, or1 = miny ey, 1" Y,
ie, 1" € Q.

We may now proceed as in Theorem 1, and show that &min = o« , and
that the unique minimum effort control is given by o« 'u (¢, #*). To prove
relation (29) we note that if # is any vector in @, i.e., 7 satisfies (28),
then

1

nez(T, n) 2 n+¢* 2 inf neay = o,
yeY T

because ¢* € (aY ) N Cr (see (12)). Together with the relations n* € Q,
n ™ = o, & = 2(T, 1%), ne2(T,m) = F(n, T), and &' = &min, this
proves (29), and shows that n* is a minimizing vector. Finally, suppose
that ™* € Q and that F(n*™, T) = a, so that 0™z (T, 7)) = o Since
7% € Q,and * = ay™ where y* € Yo, = an™ey* = a. But¢* € Oy ,
so that it follows from (12) that z(T, %) = ¢* = 2(T, 2™). Since the
representation of z(T, %) in the form (10) (or (23)) is unique, u (¢, ")
=u(t, 77%) a.e., and the proof of Theorem 3 is complete.

CororraRY. If & ¢s defined by (19), the normality assumption can be
replaced by the condition in the corollary of Theorem 2.

If the set Q@ is unbounded (although convex and closed), it can be re-
placed by its intersection with some closed sphere of sufficiently large
radius. This intersection € will be compact and convex, and if the sphere
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is large enough, the problem of attaining Q" will be equivalent to attaining
Q, and Theorem 3 can be applied. In practice it should not be difficult
to obtain a reasonable estimate for this radius.

The method of steepest descent may also be applied to finding the
minimum in (29). In this case, one is interested in finding the minimum
of F not on the plane P, but on the surface Q. If Q is piecewise smooth,
corresponding to @ sufficiently smooth, (27) may be used, except that
y(T), the normal to P, must be replaced by the normal to @, which in
general will vary with ». The ease with which this normal can be com-
puted as a function of 7 depends on the nature of Q.

For example, suppose that @ is a convex polyhedron of dimension =
or less. Then Y is also a convex polyhedron, say with vertices y1, -+, ¥s -
It is easily seen that (28), which defines @, is equivalent to
(30) min ney; = 1.

1<igs

Let H; be the half-space defined by {5:9-y; = 1}, and let Z; be the plane

{niney; = 1}. 1 Z = Ni4 H;, Z is an unbounded convex “polyhedron”
whose faces lie in the H; . It follows from (30) that @ is the boundary of
Z, i.e., is made up of these plane faces. Then, in the steepest descent pro-
cedure, 7 will either vary within one face, or proceed from face to face,
possibly moving along the intersection of two or more faces during a part
of its motion. It can be shown, as in section II, that F has no local extrema
on any of the faces of @ or on the intersections of these faces other than
the desired one. Thus, if the steepest descent process converges, it tends
to the desired minimum of F on Q.
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VECTOR LYAPUNOV FUNCTIONS*
RICHARD BELLMAN'Y

1. Introduction. One of the most versatile techniques in the theory of
nonlinear differential equations is the second method of Lyapunov. It
depends crucially upon the fact that a function satisfying the scalar in-
equality

du
< =
(1.1) 5 = fu, u(0) = ¢,

is majorized by the solution of the equation

(1.2) g—: = kv, v(0) = ¢
It is natural to ask whether it might be more convenient in some circum-
stances to use a vector Lyapunov function rather than a scalar function.
If it is, then we require an analogue of the foregoing majorization relation.
It turns out that one exists; see [1, 2, 3]. We shall discuss it in the next
section and give an application.

In the course of discussion of this result with J. P. LaSalle, he pointed
out that J. X. Hale had independently arrived at the use of a vector
Lyapunov function. His results will be presented elsewhere.

2. A lemma concerning nonnegative matrices. Let A be a constant
matrix and ¢*‘ denote the matrix exponential, the solution of the matrix
equation
(2.1) X _ax, X0 =1
In order that all the elements of ¢*‘ be nonnegative for ¢ = 0, it is necessary
and sufficient that a;; = 0, ¢ # 7. For various simple proofs of this useful
result, see [2], [3].

From this we readily derive the following lemma.

LemMA. If a;; = 0, © # j, then

dx

(22) 7

< Ax, z2(0) = ¢,

* Received by the editors May 29, 1962. This study was sponsored by the United
States Air Force under Project RAND—Contract No. AF 49(638)-700—monitored
by the Directorate of Development Planning, Deputy Chief of Staff, Research and
Technology, Hq USAF. Views or conclusions contained herein should not be in-

terpreted as representing the official opinion or policy of the United States Air Force.
+ The RAND Corporation, Santa Monica, California.
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tmplies x = y where

(2.3) %=A% y(0) = c.

Here x < y implies component-by-component majorization.

3. An application. As an application of the foregoing result, suppose
that u, » are two functions of ¢ satisfying the inequalities

(31) Oéuékl, 0§v§702,
and the differential equations
(2—1: = —0u U + apv 4+ by uv, u(0) = ¢,
(3.2)
dv
%=a21u—a22v+b2uv, v(0) = ¢z,
where a;; = 0, b, b, = 0, ¢1, ca = 0. If the characteristic roots of
(3.3) A= . —an Q12
’ Q21—

have negative real parts and ¢, ¢, are small enough, then Poincaré-Lya-
punov theory asserts that the solution of (3.2) approaches zero.

Using the lemma given above, we can obtain a nonlocal result. From
(3.2) and (3.1) we have

M < —awu + a0+ bk,
(3.4)
d_v S au — aev + bokiv
dt = ’
whence the solution is majorized by the solution of
fiditv = —apw + a2z + by ke w, w(0) = ¢,
(3.5) g
a—;=a21w——a2zz+bzlclz, 2(0) = ¢y,

ie,0 = u = w,0 £ v £ 2z The solutions of (3.5) approach zero as t — o
if

_ | —au+biks 4503
(3.6) B azy —az + bk

is a stability matrix.
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It is easy to see how this method may be extended to treat systems of
any order. Furthermore, it may be used for any system of equations for
which a corresponding positivity relation holds. For some results of this
type see [3] and the references given there.

4. Lyapunov functions. Given a vector system of differential equations

% = Az + By + ¢g(z,y), x(0) =aq,
(4.1) p
d_g = Cz + Dy + h(z,y), y(0) =b,

where  and y are m and n dimensional vectors respectively, and A, B,
C, D are matrices of appropriate dimensions, we form the nonnegative
functions » and v by means of the quadratic forms

(4.2) u = (113, Rx), v = (y, Sy),

where R and S are suitably chosen positive-definite matrices. Given a
priori knowledge of the bounds on the components of  and y, we have
numbers corresponding to k; and k., and can obtain various conditions
for stability of the null solution.

In any given situation, we can group the equations in a number of
different ways and obtain a number of sufficient conditions for stability
of the equilibrium solution.
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EXTRACTION AND DETECTION PROBLEMS AND
REPRODUCING KERNEL HILBERT SPACES*}

EMANUEL PARZEN{

Summary. Problems involving the extraction, detection and prediction of signals
in the presence of noise are among the central problems of statistical communication
theory. Over the past few years I have sought to develop an approach to such prob-
lems which (i) would simultaneously apply to time series which are stationary or
non-stationary, discrete parameter or continuous parameter, univariate or multi-
variate, and (ii) would distinguish between the statistical and analytical aspects of
these problems, and in particular would clarify the role played by various widely
employed analytical techniques (such as the Wiener-Hopf equation and eigenfunc-
tion expansions).

In developing this approach, two basic concepts are used: the notion of the proba-
bility density functional of a time series and the notion of a reproducing kernel
Hilbert space. The aim of this paper is to sketch some of the main results which may
be obtained by means of this approach.

In sections 1 and 2, it is shown how one may define and obtain a formula for the
probability density functional of a normal time series. This formula is used to study
the structure of optimum estimators (section 3) and detectors (section 4) by express-
ing them in a coordinate free way in terms of inner produects in a reproducing kernel
Hilbert space. Various ways of evaluating such inner products are discussed in sec-
tions 5 and 6. In section 7, it is shown how reproducing kernel Hilbert spaces provide
a solution to the problems of minimum mean square error linear and non-linear
prediction.

1. The probability density functional of a normal time series. Let
{S(t), t € T} and {N(¢), ¢t € T} be time series, called respectively the
signal process and the noise process. Let Q@ be the space of all real valued
functions on T'. Let Py and P,y be probability measures defined on the
measurable subsets B of Q@ by

(1.1) Py[B] = Prob [{N(¢),t € T} € B]
(1.2) Psyn[B] = Prob [{S(t) + N(t),t € T} € Bl

We seek to determine, if it exists, a function p on © with the property that
(13) I)Hn[B] = f yyu d.PN .
B

The function p may be called the probability density functional of Psin

* Received by the editors June 24, 1962. Prepared under contract Nonr 3440(00)
for the Office of Naval Research.

1 Stanford University, Stanford, California.

1 Editorial note. To study the control problem in a realistic setting, stochastic con-
siderations are essential. This paper does not directly consider the control problem,
but it does describe a recent area of mathematical development which is impor-
tant to stochastic optimization and control. In particular, the results in linear and
nonlinear prediction are immediately applicable to that class of optimal control
problems where stochastic and optimization considerations can be separated.
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with respect to Py in order to emphasize that its argument is a function
{X(t),t € T}. It is also denoted p(X (¢), t € T) and called the probability
density functional of the signal plus noise process

(1.4) X() = 8@ + N, teT,

with respect to the noise process {N(¢), t € T} The function p is often
written symbolically as a derivative,

dP
. — S+N
(1.5) P dPy

and called the Radon-Nikodym derivative of Ps.y with respect to Px
(see [4], p. 329).

A necessary and sufficient condition that the probability density (1.5)
exist is that Pgs.x be absolutely continuous with respect to Py in the sense
that, for every measurable subset A of ,

(1.6) PylA] = 0 implies Pg.y[A4] = 0.

In order that Ps,y not be absolutely continuous with respect to Py it is
necessary and sufficient that there exist a set A such that

(1.7) PyiA] = 0 and Pgsia[4] > 0.

The probability measures Py and Pgs.y are said to be orthogonal if there
exists a set A such that

(1.8) PN[A] =0 and Ps+N[A] = 1.

One can regard (1.8) as the extreme case of not being absolutely con-
tinuous.

The notion of orthogonality derives its importance from detection theory
(the theory of testing hypotheses). The simple hypotheses

Hy:X(-) = N(+)
Hi: X(-) = 8()+N()
are said to be perfectly detectable if there exists a set A such that
PylA] = Prob [{X(¢),t € T} € A|Ho = 0,
Pgin[A] = Prob [{X(¢),t € T} € A |Hy] = 1.

Clearly, the hypotheses H, and H, are perfectly detectable if and only if
Py and Ps.y are orthogonal.

Given the probability measures Py and Pgyn, the following questions
arise:

(1) to determine whether Py and Ps.y are orthogonal;

(1.9)
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(ii) to determine whether Pg,x is absolutely continuous with respect
to Py

(iii)to determine the Radon-Nikodym derivative (1.5) if it exists.

To answer these questions, the natural way to proceed is to approximate
the infinite dimensional case by finite dimensional cases. For any finite
subset

(1.10) T = {ty, -t of T,

let Py, and Pgyy,r denote the probability distributions of {X (¢), t € T'}
under Py and Pgyy respectively. Assume that Psin.r 1s absolutely con-
tinuous with respect to Py, with Radon-Nikodym derivative denoted

dPS+N T
1. ) = ! .
( 11) Pr dPN,T'

The divergence between Psiy and Py on the basis of having observed
{X(t), t € T} is defined by

Jp = ES+N[lOg pr'] - EN[log pT']
(1.12)
= j;llog pr APgy — fﬂlog pr APy .

(The intuitive meaning of the divergence is described in section 4; see
(4.8).) Using the theory of martingales it may be shown that

(1.13) 0 Jp ZJpr if TN T,
Consequently, the limit
(114) JT = limT'_,T JT'

exists and is finite or infinite. Further, it may be shown [3] that
(i) if Jr < o, then Pgiy is absolutely continuous with respect to
P N and

dPey . _
= by = Jm pr;

(ii) if Jr = <, and both the time series {N(¢), ¢ € T} and {S(¢),t € T}
are normal, then Pg y and Py are orthogonal.
We next apply these criteria under the following assumptions.

The noise process {N(¢), ¢ € T} is a normal process with zero means and
covariance kernel

(1.16) K(s, t) = E[N(s)N(¥)]

(1.15)

which is positive definite in the sense that for every finite subset 7"
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= {t;, -+, t} of T, the covariance matrix
K(ti,t) -+ K(t,ts)
(117)  Kp = {K(t:, 1)} = : :
is non-singular, with inverse matrix denoted
(1.18) 7 = {K(t: , t5)}.

(It should be noted that the assumption of positive definiteness is only
made for mathematical convenience in the present exposition; it can be
omitted.)

In regard to the signal process, two cases are of most interest:

(1) Sure signal case. {S(t), t € T} is a non-random function.

(ii) Stochastic signal case. {S(t), t € T} is a normal time series, inde-
pendent of the noise process, with zero means and positive definite co-
variance kernel

(1.19) R(s, t) = E[S(s)S(1)].

To employ the criterion (1.15), we first need to compute the divergence
J 1, defined by (1.12). In this paper we consider explicitly only the sure
signal case; the stochastic signal case is considered in [10].

In the sure signal case, one can show that

(1.20) log pr = (X, S)x,or — (S, )k,
where we define for any functions f and g on 7'

(1.21) (fy Pxr = s_;/f(S)K—l(s, )g(1).
Consequently

(1.22)  Jr = Egal(X, Sk, ] — Enxl(X, )k, 2] = (8, S)k,rv
and

(1.23) Jr < o ifandonlyif lim (8, S)k,r < .
T'->T

In words, in the sure signal case, Ps,» is absolutely continuous with
respect to Py if and only if (S, 8)x,r approaches a limit as 7" tends to 7.
Fortunately it is possible to characterize those functions S(-) which have
this property. To do this, we introduce the notion of a reproducing kernel
Hilbert space.

2. Reproducing kernel Hilbert spaces. Let K (s, t) be the covariance
kernel of a time series {X(t), ¢t € T}. For each ¢t in T, let K(-, t) be the
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function on 7" whose value at s in 7' is equal to K (s, £). It may be shown
(see Aronszajn [1]) that there exists a unique Hilbert space, denoted
H(K; T) or H(K), with the following properties:

(1) the members of H(K; T') are real valued functions on T

(ii) for every tin T,

(D K(-,¢) € HK; T);
(iii) for every ¢in 7 and fin H(K; T')
(II) f@) = (f, K(-, ))x.r

where the inner product between two functions f and ¢ in H(K; T) is
written (f, g)x,r or, for brevity, (f, ¢)x .

Example 2A. Suppose T = [1, 2, - - -, n] for some positive integer n, and
that the covariance kernel K is given by a symmetric positive definite
matrix {K;;} with inverse {K*}. The corresponding reproducing kernel
space H(K; T) consists of all n-dimensional vectors f = (fi, -+, fa)
with inner product

1) (o) = S IKge.

To prove (2.1) one need only verify that the reproducing property holds:

foru = 1,---, n,

( Kmr = 3 fK Ko = 3 (s, u) = fu.

8,

The inner product may also be written as a ratio of determinants:

Ku Kln fl Ky - Ky

(22)  er=—|; G |+ R
Knl o Knn fn Knl cee Knn
g1 e Jn 0

To prove (2.2) one again need only verify the reproducing property. In
the case in which the covariance matrix K is singular, one may define the
corresponding reproducing kernel inner product in terms of the pseudo-
inverse of the matrix K.

Example 2B. Let T = {t:a =t < b} and let {N(¢), a = t < b} be the
Wiener process; that is, it has independent increments and covariance
function

(2.3) K(s, t) = ¢’ min (s, t)

for some parameter o°. Consider the Hilbert space H(K; T) consisting
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of all functions fon a = ¢ < b of the form
t
(24) i(6) = f(a) + [ f'u) du

for some square integrable measurable function f’ on ¢ < ¢ < b (which
can be called the Lp-derivative of f), with inner product defined by

@5 o= 5@ + [ f’<u>g'<u>du}.
If one defines

I.(u)

i

1 f aesu=t,
(2.6)

|

0 if t<uZh,
one may rewrite (2.4)

10 = 1@ + [ P @100 au
Now the covariance kernel K (s, ) may be represented
K(s,t) = ¢’a + o f: IL(u)I(u) du.
Therefore, for each ¢ in 7', K (-, ¢) belongs to H(K; T) with L. derivative

d
P K(s,t) = I.(s).
Further

(K 8))gr = %{%f(a)aza + f £ (w)o*T,(w) du}

= (@ + [ 1) du = 5.

We thus see that the reproducing kernel Hilbert space corresponding to
the covariance kernel (2.3) consists of all L,-differentiable functions on 7
with inner product given by (2.5).

The relevance of the theory of reproducing kernel Hilbert spaces to the
theory of probability density functionals derives from the following fact:
it may be shown (using martingale theory) that

(2.7) lim (S, S)k,»» < © ifandonlyif S¢ H(K;T).
T'>T

Further, if S € H(K; T), then

(2.8) Tl,in; 8, r,rr = (8, x,r .
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It follows that, in the sure signal case, Ps.y is absolutely continuous with
respect to Py if and only if the signal function {S(¢), ¢ € T} belongs to
the reproducing kernel Hilbert space H(K; T') corresponding to the co-
variance kernel K of the noise process {X(¢), t€ T}. If S€ H(K; T),
then the probability density functional is given by

dPgin

29) pXW, 1€ 1) = o — oxp [ O, $)mr — L (5, 81 |

where by (X, S)k,r we mean the limit (in the sense both of convergence
with probability one and convergence in quadratic mean)

(2.10) (X, S)K,T = lim (X, S)K,T'-
T'ST

It should be emphasized that although we use inner product notation
to write (X, S)k,r, this is not a true inner product between two elements
in a Hilbert space, since the sample function {X(t), ¢t € T} does not belong
to H(K); that is,

lim (X, X)g,r is infinite with probability one.
T'>T
In practice, it will be clear how to define (X, S)k,r by suitably modifying
the expression for the inner product between two functions in H(K).
Thus, for the covariance kernel given by (2.3), instead of the expression

(X, 8)xr = 012{% X(a)S(a) +f S ()X (w) du}
suggested by (2.5) one may show that
<x&m=§gxm&w+ﬁswwmw}

There are a variety of ways in which one can determine whether a func-
tion S belongs to a reproducing kernel Hilbert space H(K ; T') and compute
the norm (8, S)k,r and the random variable (X, S)k,r. These are dis-
cussed in section 5. However one general principle deserves to be stated
at this point.

Roughly speaking, a function ¢g(-) belongs to a reproducing kernel
Hilbert space H(K; T') only if it is at least as “smooth” or ‘“regular’ as
the functions K (-, t), since every function g in H(K; T) is either a linear
combination

0() = ek (1)

or a limit of such linear combinations. For example, if T' is an interval and
K is continuous on T @ T, then every function in H(K; T') is continuous;
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if K is twice differentiable on T ® T, then every function in H(K; T) is
differentiable.

We are thus led to the following heuristic conclusion: ¢n order that a
signal not be perfectly detectable in the presence of a noise, it is necessary and
sufficient that the signal be as “smooth’ or as “regular” as the noise. In the
case of a sure signal, the signal is as smooth as the noise if and only if
S € H(K; T) where K is the covariance kernel of the noise. In the case
of stochastic signals, the signal is as smooth as the noise if S € H(K; T)
for almost all sample functions of the signal process: a rigorous formula-
tion of this assertion is given in [10].

3. The structure of optimum extractors. In sections 3 and 4 we show
how the formula for the probability density functional given by (2.9)
may be used to study the structure of optimum extractors and detectors.

To begin with we consider a time series {X(t), ¢t € T} satisfying the
model

(3.1) X(¢) = 6g(¢) + N(2)

where

(1) 6 is a parameter varying in a known set ®;

(ii) {g(t), t € T} is a known non-random function;

(iii) the noise process {N(i), ¢ € T} is normal with zero means and
known covariance kernel K.

We call g(-) a regression function, and call the signal process

(3.2) S(t) = 6g(2),

a signal of regression type with a one-dimensional parameter. We assume
that ¢g(-) € H(K; T).

We let p(X(¢), t € T |6) denote the probability density functional of
the signal plus noise process {fg(¢) + N(t), t € T} with respect to the
noise process {N(t), ¢t € T}. By (2.9) it follows that

(3.3) p(X(8),t € T|6) = exp [0(X, g)x.x — % 6°(g, 9)x.1).

For ease of writing in the sequel, we employ the notation

(34) V= (X7 g)K,T, G = (g’ g)K,T
and consequently may write
(33)’ p(X(1),t € T|6) = exp [0V — } 6°G].

Estimation of 8. Suppose that the parameter 6 is assumed to be a random
variable with probability density function p(68) with respect to a measure
u on the measurable subsets of the parameter space ®. Then the condi-
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tional probability density p(6 | X(t), t € T) of 6, given {X(t), ¢t € T},
can be determined by the formula (usually called Bayes’ rule)

p(0] X(0),t e T) = —PXW, L ET|0)p(6)
L P(X W), ¢ € T]0)p(6) du

(3.5)

For the sake of brevity in writing, one refers to the conditional probability
density p(8| X(¢), t € T) as the posterior density of 6, and refers to the
(marginal) probability density p(68) as the prior density of 6.

As with any distribution, the mean and variance of the posterior dis-
tribution of 6 represent rough measures of the center and spread of the
distribution; the mean of the posterior distribution (or conditional mean
of 6, given {X(t), ¢t € T}) is denoted by

(36) 0 =TI X, 0€ T = [ 0p(0] X(0), 1€ T) du.

The variance of the posterior distribution (or conditional variance of 6,
given {X (%), t € T}) is denoted by

(3.7) Varlo| X(t),¢ € T) = L (0 — 6%)2p(0| X(0),t € T) du.

It may happen that one desires a point estimate of 6. The conditional
mean 6% is often regarded as an optimum point estimate since it has the
property that it is the minimum mean square error estimate of 6 in the
sense that

(3.8) E[[6— 06" = B[l 60— o(X(),t€T) |

for any functional ¢(X(t), t € T') on the sample space with finite second
moment. The mean square estimation error E[| 6 — 6* |"] is given by the
mean of the conditional variance,

(3.9) E[ 0 — 6*|'| = E[Var [0 | X(t),t € TI].

We shall refer to the conditional mean 6 as the Bayes estimate of 6.
To illustrate these considerations, let us assume that the prior proba-
bility density of 6 is given by

1 1 —\2
(3.10) p(8) = 0_\7§_—7reXp |:—§;2 6 -8 :I

for some known constants 6 and ¢°; in words, 6 is normally distributed
with mean & and variance o’. The posterior density of 6, given {X(¢),
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t € T}, is then given by

B
p(0]| X(1),t€T) = 2P [af — 3v6°]

(3.11) f_wexp [aO —%702:ld0
1 1 Y
“vamer 5 0-3)]
where
(3.12) a=V+ 7%, v=G+ "

In words, the conditional distribution of 6, given { X (¢), ¢ € T}, is normal
with mean

(3.13) Elo| X(t),t € T] = g
and variance
(3.14) Var 0] X(1),t € 7] = L.
Y
The Bayes estimate §* of 0 is given by the conditional mean
* _V+ P

with mean square estimation error given by
(3.16) E[6— 6" = E[Var[0| X(¢),t € T]] = {G + ¢ 3}~

In order to understand the meaning of (3.13) and (3.14) it should be
noted that the variance ¢” of a normally distributed random variable 6
is a measure of the length of the interval in which an observed value of
the random variable may be expected to lie (for example, with probability
exceeding 0.99, 6 will lie in the interval of length 6o centered at the mean
of #). Now in considering the problem of extracting a signal from noise,
we may be very uncertain about the possible range of values of the param-
eter 9. This corresponds to assuming that the prior variance ¢” is very large
(tending to infinity). Now as ¢* — «

(3.17) 0 — GV,
(3.18) E[6— 61— G

Thus if the prior variance o” of the parameter 6 is very large, the Bayes
estimate is approximately given by the estimate §** defined by

(3.19) 0 = GV
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with mean square estimation error
(3.20) Ell o — 6" ') = ¢

It is easy to verify that 6** is the maxzémum kikelihood estimate in the
sense that

(3.21) p(X(t),t€T|6*) = _max p(X(t),t€ T|0).

It may also be shown [8] that 6 is the minimum variance unbiased esti-
mate and the minimum variance unbiased linear estimate (and that 6*
is the Bayes linear estimate).

We next rewrite the Bayes estimate in a way which is very useful for
applications. Define

~
I

{Ello— 8" =07,
(3.22) I = {El[lo — ™[} = 6,
I* = {E[l6 — 0" [}
Intuitively, I, I™*, and I* represent the “information” contained respec-

tively in the prior estimate 8, the maximum likelihood estimate 6**, and

the Bayes estimate 6*. The Bayes estimate may be written
(3.23) " o =
I" =174 1.

In words, the Bayes estimate is a weighted average of the maximum
likelihood estimate and of the prior estimate, the weights being propor-
tional to the “information” in each estimate.

One important application of (3.23) is to the problems of satellite orbit
tracking and fitting a trend line to economic time series. In these problems
one is called upon to publish a succession

* %
01 , 02 R
of estimates of a parameter 6 at various times
Ty, Tyy---.

One way of doing this is to let 65" be the maximum likelihood estimate of
0 based on the data which has become available in the interval 7T,._; to
T, . As the Bayes estimate of 6," at time 7', one takes

PN A o G
(3.24) i+

LY =17+ 1.
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The foregoing results were all derived assuming a one-parameter model
of the form of (3.1). They may be readily extended to a multiparameter
model of the form

k
(3.25) X(t) = 2 04:(t) + N (1)
=
where for j = 1,2, ---, k, 0; is a parameter varying in — o < 6; < o,
and {g;(¢), ¢ € T} is a known function belonging to H(K; T'). Define
(3.26) Vi=(X,9x, Gij= (gi,9i)x,
0. Vi Gu -+ Gu
(3.27) 6=1:1, V=] ], G=|: :
Or Vi G - Gu

The probability density function of the time series (signal plus noise
process) with respect to the noise process is given by

(3.28) p(X(t),t € T|60) = exp [0V —  6*G6]

where we write “tr’’ to denote the transpose of a vector or matrix. The maxi-
mum likelihood estimate 6** of ¢ is given by (compare (3.19))

(3.29) o =GV

with mean square estimation error matrix

(3.30) E[(6 — 6**)(6 — 6™)v] = G,
assuming @ is a non-singular matrix. Define

(3.31) '™ =@

to be the “information’ matrix of the maximum likelihood estimate
6™, If the vector parameter 6 possesses a prior distribution which is multi-
variate normal with mean

(3.32) E[6] = 6

and non-singular covariance matrix

(3.33) E[(6 — 8)(6 — 6)¢] = T,
then the Bayes estimate 6 of 9 is given by

(3.34) 0* = (I™ + DI 0™ + I9)
with mean square estimation error matrix

(3.35) E[(8 — 0*)(8 — %)) = (I + )™
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4, The structure of optimum detectors. The basic concepts involved in
determining “‘optimum” detection systems are best introduced by con-
sidering the following four detection problems:

I Detecting the presence of a signal of specified shape.
IT Detecting the presence of a signal of regression type.

IIT Detecting the presence of a stochastic signal.

IV Classifying (or decoding) signals.

Some of the results discussed in this section are related to recent work of
Kailath [5] and Turin [15].

Case 1. Delecting the presence of a signal of specified shape. Given an
observed time series { X (t), ¢ € T} one desires to test the simple hypothesis

H, : X(t) = N(t), normal noise alone is present,
against the simple alternative hypothesis

H,: X)) = S(t) 4+ N(2), a signal S(¢) of prescribed shape is present,
by choosing a subset R; of the space @ of possible realizations of the time
series which will be the rejection region for H, ; that is, one says signal is
present if {X(¢), ¢ € T} belongs to R; and one says that noise alone is
present if {X(¢), ¢t € T} does not belong to R; .

While there exist a number of criteria for optimally choosing the rejec-
tion region R;, it turns out that the optimum rejection region R; may in
all cases be expressed as the set of observations {X(¢), ¢ € T} for which

the probability density of the signal plus noise process with respect to the
noise process

(4.1) p(X(1),t € T) = expl(X, S)x — % (8, 8)x]

is above a certain threshold value A, .
The threshold level Ay depends on the criterion employed. In the so-
called Bayes case,

(4.2) A= (1— ps)LI/psLn

where L is the cost of a false alarm (of saying that signal is present when
in fact noise alone is present), Ly; is the cost of a detection failure (of
saying that noise alone is present when in fact signal is present), and p,
is the prior probability that signal is present. In the so-called Neyman-
Pearson case, one chooses a desired level « for the false alarm probability

(43) PHX(t),t€ T} € Ri|Ho) = Plp(X(?),t € T) 2 Ao | Ho] = e

It should be noted that in the Bayes case the critical region R; has the
property that it minimizes the expected cost of an incorrect decision

(1 = p)LPI{X(2), t € T} € Ry | Ho

(4.4)
+ p.Lnfl — P[{X(t),t € T} € Ry | Hi}}



48 EMANUEL PARZEN

while in the Neyman-Pearson case the critical region R; has the property
that it minimizes the probability

(4.5) 1 — PU{X(t),t € T} € Ry | Hy]

that one will fail to detect a signal when it is present, subject to the re-
striction that the false alarm probability is equal to .

The probabilities in (4.3) and (4.5) are easily evaluated if one uses the
fact that, since the right hand side of (4.1) is a monotone increasing func-
tion of (X, S)k, the critical region for testing H, against H,; can be ex-
pressed as the set of observations {X(¢), ¢t € T} for which (X, S)x is
above a certain threhsold A;. Since (X, S)x is a linear functional, it fol-
lows that it is normally distributed. It may be shown that

under H, : E[(X, S)x] = 0, Var [(X, 8)x] = (S, S)x;
under H1 E[(X, S)K] = (S, S)K, Var [(X; S)K] = (S7 S)K .

Since the critical region may be expressed in terms of (X, S)x, we call
(X, S)x an optimum detector. The detector (X, S)x, which in the case
that 7 is finite is

(4.7) (X, 8)x = ;X(t) E:TK“‘S(M),

(4.6)

is said to be a correlation detector or a maiched filter since it is obtained by
‘correlating’ or ‘matching’ the specified signal shape S(¢) with the observed
time series X (¢).

A convenient measure of how far it is possible to discriminate between
two simple hypotheses H; and H, is provided by the divergence, a quantity
originating from the concepts of information theory (see [6]) and defined
by

(4.8) J(Ho, Hy) = En, [log p(X(¢),t € T)] — Eg, [log p(X(?), ¢ € T]
where

APy,

dPy,

is the probability density of the observations under H; with respect to the
probability measure corresponding to H, (the subscript H; on an expecta-
tion operator indicates that the expectation is taken with respect to the
probability corresponding to H;). For p(X(t), ¢t € T) given by (4.1)

(4.9) J(Ho, Hy) = En,[(X, 8)x] — En[(X, 8)x] = (8, S)x.

One can regard (S, S)x as a measure of the signal to noise ratio. One
thus sees that the larger the signal to noise ratio, the better is one able to
discriminate signal plus noise from noise alone.

p(X(®),t €)=
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Case I1. Testing for a regression signal. Given an observed time series
{X (), t € T}, one desires to test the simple hypothesis

H,: X(t) = N(t), noise alone is present,
against the composite alternative hypothesis
H, : X(t) = 6g(t) + N(t) for some 6, a signal is present.

It is assumed that g belongs to the reproducing kernel Hilbert space H(K)
corresponding to the corvariance kernel K of the noise.

According to the likelihood ratio principle, the rejection region for
testing H, against H, is given by the set of values {X (¢), t € T} for which
the supremum

(4.10) SUP—w<s<ee P(X (1), 8 € T'] 6)

is above a suitable threshold value. If 6** is the maximum likelihood esti-
mate of 6, then the supremum is equal to

(411)  expl 6™V — 1 0**’G} = exp 1 K2 = exp L [/

2 2 @ 2
In the case of a multi-parameter model of the form of (3.25), the supremum
in (4.10) is equal to

(4.12) exp {3 VoGV = exp {3 6™ 1" ™).
The probability in (4.3) is easily evaluated using the fact that

(413) under H, , the quadratic form V&G 'V is x* distributed

with & degrees of freedom.

It should be noted that in Case I the optimum detector (X, S)x was a
linear function of the observations. In Case II, the optimum detector
V@'V is a quadratic function of the observations {X(¢), ¢t € T}. Further
one can write V&G 'V as a generalized correlation detector

(4.14) Ve@™'V = (X, ¢vG'V)x = (X, g%0™)x

where gt* = (g1, - -+, gr) is a function of ¢. Now the maximum likelihood
estimate of the value S(¢) at ¢t of the signal

(4.15) S(+) = 22565 9i(+) = gv0

is given by the value at ¢ of the function

(4.16) S*() = gmo*™.

Consequently,

(4.17) VeV = (X, 8"k .
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In words, the optimum detector in Case II is of the same form as in Case
I except that instead of correlating the prescribed signal shape S(-) with
the observed time series X (-) one correlates an estimated signal shape.

Case I11. Testing for a stochastic signal. One way in which the problem of
detecting a stochastic signal arises is when one considers a regression
signal with random regression coefficients. More precisely, one desires to
test the simple hypothesis

Hy:X(-) = N(-), noise alone is present,
against the simple alternative
H,:X(-) = 6%g(-) + N(-), where 6 is multivariate
normal with mean 8 and covariance I,

The rejection region for testing H, against H, is given by the set of values
{X(t), t € T} for which the probability density function of signal plus
noise with respect to noise

(118) (X, € 1) = [ o ["p(xX(), 0 € T 0)p(o) doy - doy

is above a certain threshold value. Define (using the notation defined in
(3.27) and (3.33))

(4.19) a=V4+I5,I"=6+1

Then

p(X(t),t € T) = (2m) ™| I | exp [—10 tr If]
(4.20) X f_w e /W exp {O"a ~ %0“1*0} dg, - - - dbx

= | T | exp [3{a"* "o — 8"T5}].
Now
421) at[* oy — §f = g*ul** — Ip
' = (X, 8*) — o=I(6* — 9),

where 6% = I* ' is the Bayes estimate of 9, and S* = §*¥¢ is the Bayes
estimate of S(-) = 6%"g(-). An optimum detector is given by the last
term of (4.21);if & = 0, then it is a generalized correlation detector.

Case IV. Classifying or decoding signals. The output of a certain channel
is assumed to be a time series of the form

X(@) = S;(t) + N(t), forsome j=1,2, - -,k
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where the parameter j characterizes the waveform that was the input of
the channel. On the basis of the observed time series {X(t), ¢ € T}, one
desires to decide which signal was transmitted, that is, one desires to
divide the space @ of possible realizations of the time series into & regions

R1,R2, ,Rk

such that if {X (), t € T} belongs to R; , one decides that the j-th waveform
was transmitted (was the channel input). Thus the problem is one of
decoding a received message in such a way as to maximize the probability
of a correct classification (the encoding problem is concerned with choosing
the transmitted waveforms so as to maximize the probability of correct
decoding using the optimum decoder).

Forj=1,2 ---,k,let

pi(X(2),t€T)

denote the probability density of the time series {S;(¢t) + N(¢),t € T} with
respect to the noise process { N (¢), ¢t € T}, and let 7; be the prior probability
that S;(-) was received. The probability of a correct decision (using
classification regions R, , - - -, R;) is given by

k
> [ pAX(W), 0 € T) dPy.
J=1 R;

It may be shown (see [13], p. 308) that in order to maximize the probability

of a correct decision one should adopt the classification regions Ry , - - -, Rx
defined by
R;={(X(®),t € T):mp;y(X(1),t € T) = max mp(X (1), ¢ € T)}.

In other words, the classification regions which maximize the probability
of a correct classification coincide with the classification regions one would
obtain by maximizing the posterior probability

P[ -th waveform transmitted | {X(t),¢ € T}] = - pi(X(®),t € T)
Zlﬂ'i pi(X(t),t € K)

In any event, the first step in determining the classification regions is to
compute the probability density functionals p;(X(t), ¢t € T') which, in the
case of normal time series, may be shown to depend on the computation
of various inner products in a suitable reproducing kernel Hilbert space.

5. Evaluation of reproducing kernel inner products, orthonormal ex-
pansions, and eigenfunction expansions. The developments of sections
2, 3, and 4 show that to determine optimum extractors and detectors for
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signals in normal noise, as well as to evaluate the probability density
function of signal plus (normal) noise with respect to (normal) noise, it
suffices to evaluate the reproducing kernel inner product

of various functions h, and the corresponding random variables
(56.2) (X, h)k

In this section we discuss various methods of evaluating expressions of the
form of (5.1) and (5.2).

Explicit formulae for expressions of the form of (5.1) and (5.2) can be
given if the noise process {N (¢), t € T} is one of the following types (stated
for the continuous parameter univariate case; similar results hold in the
discrete parameter and multivariate cases):

(1) T is a finite interval, and the noise process has independent (or
orthogonal) increments so that its covariance kernel is of the form

K(s,t) = G(min {s, t})

for some continuous non-decreasing function G(u).

(2) T is a finite interval, and the noise process is Markov.

(3) T is a finite interval, and the noise process is an autoregressive
scheme in the sense that it satisfies the stochastic differential equation

3% at) N0(0) = o)

where 74'(¢) is a white noise (the symbolic derivative of a process 5(t) with
stationary and independent increments), m is a constant (called the order
of the scheme), and ax(¢) are non-random functions of time.

(4) T is a semi-infinite interval, —« < ¢ < ¢, and the noise process
can be represented as the response to a white noise input of a filter de-
scribed by a time-varying impulse response function W (%, s):

N(t) = [; Wt s) du(s).

(5) T is a semi-infinite interval, — < ¢ < &, and the noise process is
stationary (more precisely, covariance stationary) and possesses a rational
spectral density function or, more generally, is purely non-deterministic.

In many applications one will not feel justified in assuming a specific
model of one of the above type. Nevertheless explicit formulae for ex-
pressions of the form (5.1) and (5.2) can be constructed. Indeed they can
be constructed in a multitude of ways, as we now show. In the course of
our discussion we will also clarify the connection between

(1) reproducing kernel Hilbert spaces,
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(i1) orthonormal expansions for time series, and
(iii) expansions of time series in terms of eigenfunctions (often called
Karhunen-Logve expansions).

Orthonormal expansions of time series. Using the Gram-Schmidt orthog-
onalization procedure one may show that every time series {X(¢), ¢ € T},
for which the Hilbert space L:(X(¢), ¢ € T) spanned by it is separable,
may be written as an infinite series

(5.3) X0 = 2 (), LET,
where (7) {5} is an orthonormal sequence of random variables,
I lifa =8
(54) E["la"lﬂ] = 6(0‘) B) = .
0if o > B,
(ii) the function ¢,(t) is given by (for {in Tand v = 1,2, -+ +)
(5.5) () = E[X(8)n],

(iii) for each ¢t in T

; () < =,

and (iv) for all sand ¢t in T
(57) BIX (9 X(D)] = 32 dn(s)n(t).

A representation of the form of (5.3) is called an orthogonal decomposition
of the time series. It should be noted that the orthogonal decomposition is
not unique.

The importance of the representation (5.3) becomes clear if one bears in
mind that the time series X(t) is actually a function of two wvariables
X (¢, w) where t varies in T and w varies in the space @ on which X (¢) is
defined as a random variable. By writing (5.3) in the form

(5.3) X(t6) = 3 9On()

one sees that we have succeeded in decomposing the function of two vari-
ables X (¢, w) into a sum of products of functions ¢,(¢) and 5,(w) of one
variable. In a sense, we have succeeded in isolating the manner in which
X(t, w) depends on ¢ from the manner in which it depends on w.

It may be shown that, in terms of an orthonormal decomposition, the
reproducing kernel Hilbert space H(K) may be expressed as follows:
H(K) consists of all functions A(t) on 7 which may be represented in the
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form

(5.8) h(t) = z:;hyn/zy(t), tefT,

for some (necessarily unique) square summable sequence {h,}. The ex-
pressions in (5.1) and (5.2) are then given by

(5.9) (hy B)x.r = ; h’,
(5.10) (hy X)g,r = 2:1 hony

In order for (5.9) and (5.10) to be useful in practice one needs algorithms
for determining the sequences {h,} and {#,}.

Let G be a Hilbert space whose members are functions on 7'. Suppose
that { X (t), ¢ € T} possesses an orthogonal decomposition which in addition
to the properties (5.4)—(5.7) possesses the property that {¥.(-),
v = 1,2, ---} is an orthogonal sequence of functions in G:

(5.11) (Vo) ¥8)e = 0 if o« = 8.
If (5.11) holds, it seems plausible that an explicit formula for 7, is given by

— (Xa ‘l’a)a
(812) "7 ey Yoo

since if one takes the inner product of both sides of (5.9) with ¢, one
obtains

(5-13) (X, ¢a)0 = ; ﬂv(‘pv ) 'I’a)G = na(‘/’« ) ‘l’a)G .

We discuss below the meaning of such expressions as (X, ¥.)¢ . Similarly,
one may show that

— (h7 ‘pa)G

(514) h“ (‘I’a ’ 'l’a)G )
We thus arrive at the following conclusion: an explicit expression for the
reproducing kernel inner products (5.1) and (5.2) can be oblained in terms
of inner products tn any Hilbert space G in which there exists an orthogonal
sequence {Y, , v = 1, 2, -} playing the role of coefficients in an orthogonal
representation of {X(t), ¢t € T}.

In order to make precise the foregoing discussion we have

(1) to determine which Hilbert spaces G have the property that they
contain an orthogonal sequence {¢,, » = 1, 2, ---} playing the role of
coefficients in an orthogonal decomposition of {X(¢), ¢ € T},



EXTRACTION AND DETECTION PROBLEMS 55

(ii) to provide an algorithm for computing the orthogonal functions
{¢,,V=1,2,"'}. _

As possible Hilbert spaces G we consider either L, spaces L,(T, B, u) or
reproducing kernel Hilbert spaces whose members are functions on 7'. The
space Ly(T, B, u) consists of all B-measurable functions g on T such that

(515) lolt = [ 1o Putan) <

where B is a o-field of subsets of T' and p is a measure defined on B.

The notion of a direct product space plays an important part in our
considerations. Given two function spaces G; and G; consisting of functions
defined on T, and T. respectively, their direct product space, denoted
G1 ® G, is the Hilbert space completion of the set of functions g on 77 ® T
of the form

(5.16) g(t, ) = g(t)ga(te),

where g1 € Gy and g2 € Gz. The norm of a function in G; ® G, of the
form of (5.16) is defined by

(517) ” g ”201®02 = “ 0 “%1 ”g2 ”%2 .

The function ¢ defined by (5.16) is on occasion denoted by g1 ® g- .

It should be noted that if G; and G. are reproducing kernel Hilbert
spaces, with respective reproducing kernels K; and K, defined on 7' ® T,
then G; ® G- is a reproducing kernel Hilbert space with kernel K; ® Ko,
where K; ® K. is a function of four real variables defined by

(5.18) K ® Ka(s1,8,t,t) = Ki(si, 1)Ka(s2, t)
and
(5.19) (9, K1 ® Ko(+, -, b1, Ba))arwe, = gt &2).

In the case that Gy = G» = Ly(T, B, u), Gy ® G, consists of all (B ® B-
measurable) functions g on ' ® T such that

(5200 lgllee = [, [ 6,0 u(@s) w(an) < =.
If G; and G; are equal to the reproducing kernel Hilbert space consisting of

all L,-differentiable functions on the interval {{: @ = ¢t < b} with norm
squared

(521) lo s = 2ot + [ 161 [,
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then G; ® @, is a reproducing kernel Hilbert space with norm squared

10 Broen = 5o @) + 1 [ 2 g, a) [ as
18G2 @ ) alt, |os )
1° 2
22 _f 9
(5.22) + T dt
a- 6t ds dt.

Some indication of the method to be employed in solving the problem
posed after (5.14) can be obtained by considering the properties which the
sequence {y,} must have in order that the random variables {{.}, defined by

(5.23) to = (X7 ‘pa)u ’
be orthogonal. One may verify that

Bleat) = B [ X(0alo) w(as) [ X(00ate) ulan)]
(5.24)

= foT'ﬁa(s)\//ﬂ(t) K(s,t) p(ds) u(de).

Now suppose the functions {¢,} not only have the property of being orthog-
onal as members of G, but also have the property that there exist non-zero

constants A, such that, fora = 1,2, --- and ¢ in T,
(5.25) [ 4K (s, 1) uds) = Agalt).
Then

(526)  Eltutsl = N f Ga(O¥s(0) w(dt) = 0 if « < B.

We now state conditions under which one can find functions {y.} satisfying
(5.25) as the eigenfunctions of a certain transformation.

A function belonging to the direct product Hilbert space G ® @ is said
to have finite double-G norm. One can prove the following theorem.

TuroreEM. Let G be a Hilbert space of functions on T which s either an
Ls-space or a reproducing kernel Hilbert space. Let {X (1), t € T} be a time
series with covariance kernel K. Assume that K has finite double G-norm. Let
K denote the transformation on G defined as follows: for g in G, Kg is a function
on T with value at t given by

(5.27) Kg(t) = (g, K(-, 8))e -
Then (1) K 4s well defined and, for all g in G, Kg € G; (ii) K is a linear,



EXTRACTION AND DETECTION PROBLEMS 57

self-adjoint, non-negative definite, and completely continuous transformation
of G into dtself.

A non-zero number A is called an eigenvalue of K if there exists a non-zero
function ¢ in @ such that

(5.28) Kg = Ng;

the function g is called an eigenfunction corresponding to A.

Since K is a self-adjoint, non-negative definite, completely continuous
operator, it follows (see [14], p. 233) that the set {\} of non-zero eigen-
values of K is an infinite sequence of positive numbers converging to zero;
arranging these eigenvalues in non-increasing order we write

(5.29) M= N - Ny —0,
making the convention that each eigenvalue is written as many times as
its multiplicity.
We let
(5-30) b1, P2 "
denote the sequence of corresponding normalized eigenfunctions; that is,
(5.31) K§9v = )\V‘Pv )
(532) (¢’a ) ﬂoﬂ)G = 6(“; B)

It follows [13, p. 245] that the kernel K may be represented by the abso-
lutely convergent series (for all s and ¢in T")

(5.33) K(s,1) = 3 Mels)en).
Further,
(5.34) I K |lege = ; N

The reproducing kernel Hilbert space H(K) can be shown to consist of
all functions 4 which belong to the Hilbert subspace L(p, ;» = 1,2, ---) of
@ spanned by the eigenfunctions {¢,} for which

el

1
(5.35) Zf | (h,o)e P < .
The reproducing kernel inner product of two functions ; and he in H(K)
can be represented in terms of their inner products in G with the eigen-
functions {¢} :

el

(5'36) (hl ) h2)K = PZ=1 5\1— (h’l ’ ¢”)G(h2 ) ¢V)G .
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The random variable (X, h)x is given by

o0

(537) (X, Wz = 2 £ (X, 000, 0)a.
The expression (X, ¢,)¢ is well defined and satisfies
(5.38) El(X,0)a 1=l o 5 | K lloge = | Killasa -

One can justify (5.38) in a number of ways.

Consider first the case that G is an Ls-space. Then (X, ¢,)¢ is a stochastic
integral,

(X000 = [ X(Opt) (),

and

B (X000 1 = [ [ K(s, 00 (8)00) n(ds) u(ar)

< { [ [ @i auian [ [ K0 wias) u(dt)}*

= ” P }l?; ” K ”0®0-

In the case that G is a reproducing kernel Hilbert space, we define
(X, ¢») ¢ as follows. From (5.33) it follows that the time series { X (%), ¢ € T}
has the representation

(5.39) X(t) = 25»%(0

where {£} is an uncorrelated sequence of random variables with mean
squares

(5.40) EE’ =\
If we define
(5.41) (X, (ov)G = El’)

then the symbolism (X, ¢,)¢ has all the formal properties we desire it to
have. For example, to prove that

(542) BII(X, ¢)a ] = M,
which follows by definition from (5.40) and (5.41), we write
E([(X,0)e |l = Bl(X ® X, 0, ® v)age
= (K, o ® o)eve
= ((K(+, 1), 0)a,0())e =M.
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In practice one will be able to evaluate (X, ¢,)¢ as a stochastic integral.
Thusif T = {¢: ¢ = t = b} and G is the reproducing kernel Hilbert space
of L, differentiable functions with norm satisfying (5.21), then

1 ot
(X, 00)e = aX(a)sov(a) + f X'(t)e, () dt.

This expression is well defined as a stochastic integral if the covariance
kernel K(s, t) = E[X(s)X(t)] is assumed to have continuous second
derivatives.

6. Iterative evaluation of reproducing kernel inner products. The
formulae (5.36) and (5.37) are not computationally convenient since they
involve the calculation of eigenvalues and eigenfunctions. It is possible to
give iterative methods (of steepest descent type) for evaluating the repro-
ducing kernel inner product (k, k) x and the corresponding random variable
(X, h)k .

Let {X (), t € T} be a time series with covariance kernel K and corre-
sponding reproducing kernel Hilbert space H(K). Let G be a Hilbert space
such that K has finite double-G norm

(6.1) N = | K |lege -

Given a function 4 in H(K) one may generate (in a multitude of ways)
sequences {H,} of functions in G such that
(6.2) lim E[|(X, h)x — (X, H.)e '] = 0,
(6.3) (h, W)k = lim (K, H, ® H.)ege = lim (KH,, H,)¢ .

Using the method of proof in [8], one may prove that a sequence {H,}
satisfying (6.2) and (6.3) is given by

(6.4) Hop = Hy — an(RKH, — h), n=1,2 -
where H, is chosen arbitrarily in G, and {a,} is a sequence satisfying
(6.5) 0 < an =2/N.

There exist a number of schemes for choosing the sequence {a,} so as to
achieve fastest convergence; these will be discussed in a book in preparation
[12].

7. Linear and non-linear prediction. Reproducing kernel Hilbert spaces
also provide a formal solution to the problems of minimum mean square
error linear and non-linear prediction.

The Hilbert space spanned by a time series {X(¢), ¢ € T}, denoted
L(X(t),t € T), is defined as the smallest Hilbert space which contains all
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random variables U of the form

U= ]Z=;l c; X (t5)

for some points ¢, -+, ¢, in T and some real numbers ¢;, --+, ¢, . In-
tuitively, L(X(¢), ¢ € T) is the space of all random variables which are
linear functions, or functionals, of the time series {X(¢), ¢t € T}.

The space of all non-linear functionals in a time series {X(¢), t € T},
denoted N(X(¢), ¢ € T), is defined as the smallest Hilbert space con-
taining all random variables U which have finite second moment and are
of the form

U= g(X(t1), yX(tn))

for some ¢, « -+, t» in T and some Borel function g(x;, -+, n).

Let U be a random variable (with finite second moment) whose value
it is desired to predict, using the observations { X (¢), ¢ € T}. The minimum
mean square error non-linear prediction of U, given {X(t), ¢ € T}, isdefined
as that random variable U* in N(X (¢), t € T) satisfying

(7.1) E[| U* — U] = minyenae.ien E[| V — U [

The minimum mean square error (M.M.S.E.) linear predictor of U, given

{X(t), t € T}, is defined as that random variable U* in L(X(t),t € T)
satisfying

(7.2) E[| U* — U] = minveraxmen BV — U]

It is easily shown that the M.M.S.E. non-linear predictor, of U, given
{X(t), t € T}, is the conditional mean of U given {X(¢), ¢t € T}, denoted
E[U | X(t), ¢t € T}, and defined as the unique random variable in N(X (¢),
t € T') with the property that

(7.3) E[VU] = E[VE[U | X(¢),t € T])

for every V in N(X(¢), ¢ € T). Similarly the M.M.S.E. linear predictor
of U, given {X(¢), t € T}, is the projection of V onto {X (¢), ¢ € T}, denoted
E'[U | X(t), t € T] and defined as the unique random variable in L(X(¢),
t € T) with the property that

(7.4) E[VU] = E[VE'[U| X(t),t € T)]
for every V in L(X(¢),t € T).

Define
(7.5) pu(t) = E[UX ()],

(7.6) pu(t, v) = E[Ue™ ).
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It may be shown that E[U | X(¢), t € T] is the random variable U™ which
has minimum mean square E[| U |*] among all random variables satisfying
the restraint, for all {in T and — © < v < o,

(7.7) E[U*¢"*®] = py(t, v).

Similarly E'[U | X (t), ¢ € T is the random variable U* which has minimum
mean square among all random variables satisfying the restraint, for all
tin T,

(7.8) E[U*X ()] = po(1).

To find the solutions U™ of (7.7) and (7.8) one may proceed as follows.
For sand tin T, and — o < u, v < o, define

(7.9) K(s,t) = E[X(s)X(1)]
(7.10) K(s, us t, v) = E[g"®g %0,

Notice that K (s, u; t, v) is the two-dimensional characteristic function of
the time series (see [11] for a discussion of this terminology).
These functions are reproducing kernels. Further

(7.11)  po(t) € H(K(s, 1)), EU|X(@®),t € Tl = (X, po)x
(7.12) pu(t,v) € H(K(s,u;4,0)),  E[U|X(¢),t€ T] = (¢"*, po)x -

In words, if one can find a representation for py(-) in terms of linear
operations on the functions {K (-, t), t € T}, then E'[U | X(¢), t € T) can
be written in terms of the corresponding linear operations on the time
series {X(t), t € T}. Similarly, if one can find a representation for py(-; )
in terms of linear operations on the functions {K(-, -, ¢, v), ¢t € T, —
< v < o}, then E[U | X(¢), ¢ € T] can be written in terms of the corre-
sponding linear operations on the family of random variables {e™*,
t €T, —o < v < x. The expressions in (7.11) and (7.12) may be nu-
merically evaluated using the tterative methods discussed in section 6.

The solution to the non-linear prediction problem can be expressed in
terms of polynomials in the observed random variables {X (), t € T} if
the following conditions are satisfied:

(i) for every ¢t in T and integer £,

E X1 < =,

(ii) for every finite subset {#, - - -, t,} of T, and constants ¢, - -+, ¢a , the
probability distribution of Y1 ¢;X(¢;) is determined by its moments.

Assuming that these conditions are satisfied, define, for s, £ in 7 and
j’k =12,

(7.13) pu(t, k) = E[UX"(t)],
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(7.14) K(s, j; t, k) = BX(s)X*(4)].

Then

(7.15) E[U | X(8),t € T] = (X*(¢), po)x -
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ON A NEW PARTIAL DIFFERENTIAL EQUATION FOR THE
STABILITY ANALYSIS OF TIME INVARIANT
CONTROL SYSTEMS*

G. P. SZEGOt

1. Introduction. The investigation of the stability properties of the
equilibrium point of a control system poses various problems which,
even if conceptually very similar, vary greatly in difficulty and in the
methods appropriate for their solutions.

The first and easiest problem is what we may call the stability analysis
of a completely defined system: given a particular control system, decide
what stability properties this equilibrium point has.

The second problem deals with a system having a fized configuration,
but with parameters whose numerical values are to be determined. The
problem is to find the boundaries in the parameter space where the stability
properties of the system undergo a change.

The third problem is that of synthesizing stable systems and its solu-
tion implies knowledge of necessary and sufficient conditions that the
equilibrium point of the system be stable. This latter problem is far from
being solved and it is also doubtful if its practical solution will emerge
from the classical theory of stability.

For the solution of the second problem, various precise techniques
[1, 2, 3] have been proposed for the construction of suitable Lyapunov
functions. These techniques have solved many stability problems, but
there are systems for which they have failed. Each of these systems con-
stitutes then a mathematical problem by itself and Lyapunov functions
must be constructed more or less by inspection [4, 5, 7]. All these methods
may be applied to the solution of the first problem.

This paper presents some new techniques leading to a new approach to
the problem of stability analysis within the framework of Lyapunov’s
direct method. The potentiality of this new approach has not been com-
pletely exploited in this paper and further results will be presented later.

This study is limited to the investigation of completely defined systems.
The new method for stability investigation which is the final outcome of
this work, will in principle always yield some solution of the stability
problem. The price we have to pay for assuring that the method always
works is the restriction to a particular class of Lyapunov functions. The
Lyapunov functions are solutions of a partial differential equation (19)
which turns out to be the generalization of an analogous equation proposed
by Zubov [8].

* Received by the editors August 3, 1962.
t Instituto di Meccanica Applicata del Politecnico, Milano. Visitor at the Re-
search Institute of Advanced Studies (RIAS), Baltimore, Maryland.
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2. Notations and terminology. We shall use standard vector notation
with the following conventions: capital letters are matrices, small Latin
letters are vectors, Greek letters and small Latin letters with subscripts
are scalars, except that ¢, v are scalars.

We shall denote by (x, y) the inner product of the two vectors x and y.

We shall denote the transpose of a matrix 4 by A’.

We shall call an equilibrium state that is stable but not asymptotically
stable weakly stable.

We say that a scalar function ¢ = ¢ (x) is positive (negative) definite
on the tragectories of a system in a region S C E, if ¢(x) = 0(p(x) = 0)
in S and ¢(x) # 0 on any nonsingular solution of the system. By a Lya-
punov function we mean any scalar function which gives the answer to
the stability properties of a solution of a system.

Unless otherwise stated, we shall assume throughout that all the scalar
functions we use have continuous first partial derivatives.

3. Lyapunov’s second method. Lyapunov’s second method can be
codified in a set of theorems [6, 9, 10, 11, 12] which prove that if for a
given system there exists a scalar function with certain properties, called
a Lyapunov function, then one can draw conclusions about the stability
properties of the solutions of the system. There also exist a set of inverse
theorems [6, 12] which guarantee the existence of such a function.

Given the nonlinear autonomous dynamic system [13]

L &=f@), f0) =0,

where f () is a vector valued function, the problem of the stability analysis
of its equilibrium point is then formally reduced to the search for a positive
definite [14] scalar function ¥ = ¢(x) and a scalar function v = v(z),
v(0) = 0, such that the partial differential equation

(2) W) = —(grad v(@), 1)) = =3 2 fi(a)

is satisfied.

From the form of the scalar function v(x), one is able to draw conclu-
sions about the stability properties of the solution z = 0 of (1) and about
the range of these properties [15, 16].

The major problem is then to find a definite scalar function ¢ (x), such
that the solution » = v(z) of (2) satisfies the condition v(0) = 0. The
inverse theorems [6, 12] guarantee that such scalar functions ¥ (z) and
v(z) exist. The stability problem is then reduced to the problem of finding
necessary and sufficient conditions that a given scalar function ¥ (x) be
positive definite. The existence and the possibility of using such conditions
is however much in doubt.
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A different and perhaps more sensible approach is that of finding a
sufficient condition which guarantees that a scalar function ¢(z) is at
least definite on the trajectories of (1) and such that there always exists a
function ¢ (z) satisfying this condition and a corresponding v = v(x),
v(0) = 0, which satisfies (2).

Now it is clearly possible to fix the form of ¢ (z) completely, and hence
reduce the stability problem strictly to the integration of a well defined
linear partial differential equation of the type (2). This approach however
does not have much practical interest, because the integration of this
equation usually requires the solution of (1).

The method we develop in this work overcomes these difficulties. This
method is essentially based upon two major steps. The first is to change
the state variable x of the system to z as defined in the relations (33)—(38).
The second step is to study the solution of the nonlinear partial differential
equation (41). The function (w,) = 6(z;) which appears on the right-
hand side of this equation is any scalar function which depends on only
one particular component of the new state vector z. If the scalar function
6 (w.) is definite and no degeneracy occurs, then the solution of (41) will
yield a Lyapunov function of (1).

In the following sections we assume that the problem of analyzing
a scalar function, that is the problem of deciding if a given scalar function
is positive or (negative) definite, positive (negative) semidefinite or
indefinite is solved. In fact, various techniques are available for this
analysis (reduction to a sum of squares, geometrical studies, etc.), and in
each particular case this question can usually be answered without dif-
ficulty.

4. A generalization of Zubov’s equation. In this section we shall make
some remarks on the form of the scalar function ¢ (z) defined in (2).
These remarks will constitute the basis of our method.

We pose the following question. If an arbitrary scalar function v; = v (z)
is given and

(3) Yi(x) = (grad v (z), f(2)),
under what conditions on ¢, (x) is it possible to compute from the scalar
function »; = w(x) a new scalar function vy = wv;(x), such that

Yo (z) = (grad ve(z), f(z)) has a certain required form?

Suppose that we are able to synthesize a scalar function having the
property of being definite along the trajectories of (1). Then the problem
of constructing a Lyapunov function from (2) can be thought of as that
of integrating a Pfaffian differential equation. We shall see that this point
of view is quite rewarding,.
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Consider the Pfaffian form

(4) w(@) = (y(z), dz)
and the corresponding Pfaffian differential equation
) (y (), dx) = 0.
Let p(z) be an integrating factor of this equation, that is
(6) u(@)y(z) = grad v(z).
The scalar function v = v(z) is then a particular integral of (5), that is,
) dv = (grad v(z), dx).
Consider now an arbitrary function &« = a(v). From (5) it follows that
(8) 4(2) % (423, d2) = 0.
By substituting (6) into (8) we have
(9) %—3 (grad v(z),dz) = 0
which from (7) is identically equal to
da

These results can be summarized in the following

TuroreM 4.1 If u(x) 7s an integrating factor of the Pfaffian differential
equation (4) with solution v = v(zx) and a = a(v) ¢s an arbitrary scalar
function, then p(z) da/dv is also an integrating factor of (4) with solution
a=abk) = o’ @).

The results of Theorem 4.1 are even more obvious if applied to (4).

In §3 we have shown that the stability problem is reduced to the search
for scalar functions v = v(z), v(0) = 0 and ¥ = Y (x) positive definite on
the trajectories of (1). Then the problem may be reduced to that of seeking
a scalar function a(v) such that

(1) & p@)o@) = ¥(@)
or
a2 dat) _ _y(z)

do(z)  u@)e(@) "
The functional equation (12) can be readily solved if

v(z) _
(13) “(x)w(x) - B(v(x))‘
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On the basis of these considerations we can develop the following pro-
cedure.

Take a scalar function v; = v,(z), v1(0) = 0 and compute its total time
derivative

(14) B (grad w(), 7(@)) = v(a),  (0) =

Next look for a scalar function ¢ (z) which is at least definite on the trajec-

tories of (1) and a scalar function 8(v1), f B(s) ds < o, such that
0

y(z) _
(15) @ B(v1).
Then the differential equation
(16) da(v)) _ ¢(x)

o, = ;y-?)- = B(v1)
may be integrated. Its solution & = a(») = o*(x) will be such that

(17) o = grad o* (2)f () = ¥ ()

which is at least definite on the trajectories of (1), and because of the

assumptions made on «(v;) and v (z), it will solve our stability problem.
By substituting (15) into (14) we obtain

dvl

(18) = (grad n(z), f(z)) =

/\/\
\"‘/v

which is a generalization of Zubov’s equation [8]:

(19) (grad v, f(z)) = o (@) (1 + 0).

The stability theorem we deduce from (18) may be stated as
TaEOREM 4.2. The stability problem of the solutionx = 0 of (1) s reduced
to finding scalar functions v (x), ¢(x), B(w) such that v,(0) = 0,

1
f B(s) ds < « and ¥ (x) is definite on the trajectories of (1).
0

Let us now integrate equation (16),

(20) a) = [ 8(s) ds

from which we deduce
TaeOREM 4.3. The solution x = 0 of (1) s asymptotically stable in a
closed, bounded region S: o™ (x) £ 6,8 > 0, if there exist scalar functions
n (), ¢(@), B(v) satisfying the conditions
(i) n(0) =0,
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(ii) ¥ (x) s negative definite on the trajectories of (1),

e G [ B ds < o,

iv) o* (@) = fols(s) ds > 0in S,z # 0, a*(0) = 0,

and equation (18).
CoroLLARY 4.1. The solution x = 0 of (1) 7s asymptotically stable in
the large if all the conditions of Theorem 4.3 are satisfied and

v1
(22) nlium o (z) = I1i“m B8(s) ds = oo.
z| >0 |z >0 JO

CoroLrARY 4.2. If all the conditions of Theorem 4.3 are satisfied with the
sign of ¥ (x) changed, then the solution x = 0 of (1) is completely unstable
[17].

ReEmARk 4.1. It is always possible to give sufficient conditions for
complete instability, from any theorem on asymptotic stability. In the
following sections we are going to present numerous theorems on asymptotic
stability, and it is always implied, even if not explicitly stated, that a
similar theorem for completely instability holds.

Since given any scalar function v, = v, (z) it is always possible to find a
functional @ = Qs (x)), ©(0) = 0, such that the scalar function
Q* = (&) = Q(n(x)) is semidefinite, we can develop the following simplified
procedure for constructing Lyapunov’s functions.

Let us, first of all, seek a scalar function v, = v:(x), »(0) = 0, such that

(23) 0%2 = (grad vs(z), f(z)) = 0(v)

where 6 = 0(vy) is a bounded scalar function. Equation (20) is a special
case of (17).
Then it is always possible to integrate the equation

dag(vg) _ 9(02)

(24) By " sy )
and its solution oy = as(2) = ™ (x) will be such that
(25) 2~ (grad ' (2), 1(2)) = 0*(2)

where Q*(z) is semidefinite. If no degeneracy occurs and if
va
(26) [ 8 < =

then the scalar function z; = " (z) is a Lyapunov function of (1).
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Theorems (4.1) and (4.2) and corollaries apply with minor changes to
this case.

The following theorem answers the question of the existence of solutions
of (23).

TurEOREM 4.4. There always exists a scalar function 6(vs) such that (23)
has a solution which satisfies the condition v.(0) = 0. In particular +f (1)
18 asymptotically stable v (x) s definite and 6(v:) may be chosen so that
9(7)2) = A2, Re {)\} < 0.

Proof. This theorem may be proved directly following a method used in
[18], or by using the inverse theorem [6, 12]. Let us sketch a proof using
this latter way for the case of asymptotic stability.

Given any Lyapunov function » = v(z), »(0) = 0, o(xz) = 0 for z > 0,
v(0) = 0, this function represents a hypersurface in E,,; with a strong
minimum for x = 0.

Take any section of this hypersurface with the hyperplane » = const. = 0.
This section is a closed bounded hypersurface. Let us represent it in para-
metric form

(27) Ty = xi(t17 ] tn—])~

Since 9(x) > 0 for x ¥ 0 it is possible to construct a unique integral
surface S = »*(z) of the equation

(28) b* (grad v* (2), f(2)) = —v*(x)
going through the hypersurface (27).
Consider the characteristic system of (28)

dv* dz;

(29) = dt, = dt’ i — 1’ e ’n‘

fiz)
Since (1) is by assumption asymptotically stable, the solutions z; = z,(t),
v* = 0" (1) of (29) tend to zero as t — . Hence v (2) |, = 0.

REMARK 4.2. An existence theorem analogous to Theorem 4.4 may be
proved also for (18). We notice that the necessary and sufficient conditions
that the scalar function ¢ (x) must satisfy for (18) to have a solution
vy = v (x) such that »,(0) = 0 are not identical to the conditions on
¢ (x) in Zubov’s equation (19). In this latter case,

(30) [ $(x(r)) dr < o,

—p*

a relation which in our case is only sufficient.

It is worthwhile to emphasize the major differences between (18) and
(23). As we previously pointed out the v-functions & = «*(x) obtained
from (18) are Lyapunov functions for (1). The only possible degenerate
case in which v is semidefinite will never arise.
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In fact if @« = o*(z) is continuous and semidefinite then it has a strong
minimum on the manifold M on which a*(z) = 0. Hence grad a*(z) = 0
on M and M is an integral manifold of (1). This contradicts the hypothesis
that ¢ (x) is definite on the trajectories of (1). This reasoning does not
apply to (23) where Q*(z) is only semidefinite. Then a* (z) = Q") = 0
on some integral manifold N. All the information we obtain in this case
concerns the stability of the manifold N and not of the equilibrium point.
In some cases then the procedure must be repeated in order to find a new
o = ay” (z) satisfying an equation of the type (17) which may be semi-
definite as long as there does not exist a point £ = z, # 0 on
which o* (z,) = o™ (z.) = 0. In this case one not only obtains information
about the stability properties of the equilibrium point, but one is also
able to find some integral of the system. The same situation may arise
from (18) if ¢ (x) is a semidefinite function.

Equation (23) is very important in itself since its solutions are the so-
called isochrones of (1). The knowledge of the isochrones gives important
information about the qualitative behavior of the solutions of (1).

ReMARK 4.3. For some systems it may happen that the scalar function
Y(z) in (18) or ©*(z) in (20) is identically zero. The scalar function
o = o*(x) is then a first integral of the system.

8. A useful change of variables. The method for constructing Lyapunov
functions developed in the previous section contrasts strongly with the
methods in use up to now. The essence of our method is the introduction
of the functions 8(v;) and 6(v.) respectively in (18) and (23). The major
step is now to find a scalar function v = v(x), v(0) = 0, such that dv/d¢
has the form 6. (v) or ¢ (z)/8(v), but is otherwise completely arbitrary.

If we think of the problem of constructing a Lyapunov function by
solving a partial differential equation we see that the original linear partial
differential equation (2) (with unknown right hand side) has become a
quasi-linear partial differential equation (18) or (23) whose right hand
side has a certain well defined form.

In this paragraph we shall perform a particular transformation of
variables x = 2. One of the components of the next state vector z is the
scalar function v.

The aim of this transformation is to make full use of the very well
defined form of the right-hand sides of (18) and (23). The stability prob-
lem will then be reduced to a search for a scalar function { = £(z2), satis-
fying a certain nonlinear partial differential equation whose right-hand
side is any definite function which depends on only one particular com-
ponent of the vector z.

Consider the scalar equation

w = v(x), v(0) = 0,
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which is equivalent to the equation
31) Vi,w) =v(E@) —w=0.

Under certain very mild conditions which a v-function satisfies [6, 12],
we may solve this equation with respect to an arbitrary component of the
vector x, say z; . We obtain

(32) xi=£i(x1,---,x;.1,xi+1,-~-,x,,,'w).

Since we shall perform this operation only once in the whole procedure we
may as well simplify the notations. Let us introduce the n-vector z defined
as follows:

zk‘ = xk ) k # i,
(33)
2; = W.
We may write (32) as
(34) x; = £(2)
so that
(35) v(x17"':xi-lisi(z)ax'i+11"'11;")_w‘_‘o
from which
1) ov & . .
'55; (E)E %‘; - 07 1 #= s
(36)
o 0k _
ox; ow !
and finally
o 1
dx;  9t/ow’
(37) /
o _ __afi/axi Py
ax; 9t ow’ )

Now we are ready to perform the transformation of coordinates
(38) r=zim; = &(x)

on (18) and (23).
These equations take respectively the form

(39) (f,(x) _ 3% ~<x>) _ )

9£; y(r) . 0k
=1 02; ! zi=t; B(x1)

’
si=t;  OWy

i,
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and

(40) (50 - % g

%
3 = 6(wy) 0%

b
zi=t; Iw,

7]

The problem of finding w = v(z) is now reduced to the integration of the
nonlinear partial differential equations of the type (39) or (40), with
the side condition £,(0) = 0.

We are in particular interested in (40) which can be written as

@ (e - 5% @) !

wimt; O/ 9w

= 0(71)2), ] # 1.

In this latter equation the usefulness of our method is much emphasized.

We can see that the only requirement we have is that the right-hand side
of (41) depends only on w. . If the function 8 (w.), defined by (24) satisfies
(26), the problem of the stability of the solution x = 0 of the system under
investigation is solved. If one cannot find a scalar function o (w.) such that
a(ws) /6 (w.) is bounded, then it is still possible to study the stability of
some first integral of the system, going through the origin.

In other words, whatever the function 6(w,) is we shall always be able
to have some answer about the stability properties of the system.

Unfortunately the solution of the partial differential equation is not a
simple matter and it is possible to integrate it explicitly only if it is possible
to integrate its characteristic system. A more reasonable approach is to
choose a suitable form for the unknown scalar function & = &;(x),
£:(0) = 0, having a certain number of unknown coefficients, then compute
the unknown coefficients in such a way that the right-hand side of (41)
is a function which depends only on w; .

The possibility of doing this depends of course on the right choice of
the form £*. Although numerous examples have been solved, no general
information about suitable forms for &* is available.

6. Examples. In the case of nonlinear systems, if one is not able to
integrate the characteristic system of the equations (39) or (40), then an
alternative procedure is to look for a suitable form of the unknowns v = » (x)
or £ (z, w) which allows a separation of variables.

Consider for example the system

(42) T =y,

Yy = —ay — ax® — x2y

for which

(43) n=ar+y
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and
(44) 1)1 = ""1321)1 .

We see that the solution y = —ax is asymptotically stable. By integrating
it one obtains x = exp (—ta).

We conclude that the equilibrium point £ = y = 0 is asymptotically
stable for a > 0 and unstable for ¢ < 0. In this particular case we have
solved the stability problem directly from (43) and (44). This is not
always the case.

Consider for example

xr =
(45) S

y=ar +axy—y — Yy, a > 0.
Assume v = az’® — ¢*; then o = 2y°(1 — v) from which no conclusion can
be drawn. Choose

Y(@) = 24°(1 — 9)2;
then

a(v) = fovﬁ(s) ds = ‘[ (1 —38)ds =v — L%
a*(.’l?) — (aa:2 _ y2) _ %(aﬁ _ y2)2,
&*(2) = 24°(1 — v)?

from which we conclude that z = y = 0 is unstable.
In the next example we shall illustrate what is the advantage of (41)
with respect to the other formulations. Consider the system

a’c=y3—-w,

(46)
y=2z— %y
for which (41) takes the form
(47) [v =6 =% 10| 5 = o0,
Assume
(48) E=alw+f@)*

for which (47) becomes

25w + 1@ = 20 = 20 — o 0 (o + 50))’

(49)
+ 320 = o)
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from which we may set

(50) 0(w) = —2uw,
(51) —2f(y) + @”_ =
2 3 9
Intregating (51) we obtain
(53) fly) =
and from (52)
(54) f) =y' and o' =4

By substituting these results into (40) we obtain

(55) f=— (w4}

&.a

which may also be written in the usual form
(56) v = 22" — 3,
and we may check that

= 0(w)v = —2.

We conclude that the solution 22* = y* is asymptotically stable.
Let us investigate this solution by integrating it. We obtain

We conclude that the solution z = 0 of the (46) is unstable.

7. Conclusion. In the present work we have solved the general problem
of stability analysis of the equilibrium point of a control system represented
in (1).

This general problem has been reduced to the integration of partial
differential equations (23), (39), (18) or (41).

The closed-form integration of (23) or (30) presents, in the case of non-
linear systems, the same difficulties as the equations which arise from
otpimal control problems; hence in most of the cases numerical methods
must be applied. On the other hand, for equations of the form (18) and
(41) various examples with closed-form solutions have been found.
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ON CERTAIN QUESTIONS IN THE THEORY OF
OPTIMAL CONTROL*

A. F. FILIPPOV}

I. The existence of a solution of the optimal control problem within
the class of bounded, measurable functions. Given a system of n equa-
tions (in vector notation)

(1) B = 2w,

where z and f are n-dimensional vectors, and u = wu(¢) is the control
parameter (an r-dimensional vector) which, for any given ¢ and z, can
take on values in a given set Q(f, ) (in [1] the case where @ depends
neither on ¢ nor on z is considered). The optimal control problem consists
of the following: for given ® and z*, find a function w (f) such that the
solution z(¢) of (1), with u set equal to w(¢), and initial condition
z(0) = z©, attains the point 2* in the least possible time, where, in addi-
tion, u(t) €Q @, x(1)).

We shall assume that the vector function f (¢, x, u) is continuous in all
of the variables ¢, x, and w, is continuously differentiable with respect to
x, and that

for all £ and z, and all w€ Q (¢, x), where the dot denotes the scalar product,
and |z | denotes the length of the vector x. Let Q (¢, =) be closed and
bounded. When w describes Q (¢, x), f(t, , u) describes a set which we
shall denote by R (¢, ). We shall assume that @ (¢, x) is upper semicon-
tinuous (in ¢ and x) with respect to inclusion; i.e., that for any ¢, x and
e > 0 there exists a 6 = 8(¢, £, ) > 0 such that Q(¢, «) is contained
in an e-neighborhood of Q (4, ) whenever | ¢ — ¢| < dand |2’ — 2| < b.
Then, R (#, ) will have the same semicontinuity property (on account of
the continuity of f).

TaroreEM 1. Suppose that the conditions stated above are satisfied, and
that the set R (t, ) is convex for every t and x. Also suppose that there exists
at least ome measurable function (t) €Q(t, £(t)) such that the solution'

* Originally published in Vestnik Moskov. Univ. Ser. Mat. Mech. Astr., 2 (1959)
pp. 25-32. Translated by L. W. Neustadt, Aerospace Corporation, El Segundo,
California.

From time to time the editors will include translations of important foreign
papers on control.

t Chair of Differential Equations, Moscow State University, U.S.S.R.

1 An absolutely continuous vector funetion which satisfies (1) almost everywhere
will be called a solution. Under the assumptions we have made, such a solution exists
by a theorem of Carathéodory [2, page 140].
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() of (1), with w = (@t), and initial condition &(0) = 2, attains «*
for some t* > 0. Then there also exists an optimal control, i.e., a measurable
Sunction u (@) €Q @, x(t)) for which the solution z(t) of (1), with initial
condition x(0) = z©, attains a™ in the least possible time.

Proof. It follows from (1) and (2), and the fact that z(0) = z©, that

‘%’ <20X, X(0)=|2"P+1=4

for almost all ¢, where X (t) = |z(t) |* + 1. Consequently, X (f) < A&
for ¢ =z 0. Hence, for every admissible u (), the solution of (1) with initial
condition z(0) = 2 satisfies the inequality |z(t) | < A% on the
interval 0 < ¢ < t* (if we consider that ¢ = 0).

We shall show that the Q(¢, ) are uniformly bounded for 0 < ¢ < ¢*
and for |z | < A%°";i.e., that there exists an N such that |u | £ N for
every 4 € Q (¢, z) for the indicated values of ¢ and z. Indeed, otherwise there
would be sequences t, — ¢, £, — «, and u, €Q (tn , z») such that | u, | — «.
But, by the assumptions we have made, Q(t., z,) is contained in an
e-neighborhood of the bounded set @ (¢, z), for sufficiently large . This con-
tradiction shows that the @ (¢, ) are uniformly bounded for the indicated
values of ¢ and . Since f is continuous, | (¢, z,u) | < Mif 0 < t < ¥, |z |
< A% ueQ, x).

Now consider the set of all the solutions z(f) of (1) (for various
() €Q(t, x(t))), for which (0) = 2 and z(') = 2*,0 < ¢ < ¢*. The
numbers ¢’ can differ for different solutions. Since one such solution exists
by hypothesis, this set is not empty. If this set is finite, the assertion of the
theorem is obvious. If it is infinite, we shall select a sequence from this
set such that the sequence of the corresponding ¢ converges to #,—the
greatest lower bound of all such . The solutions of this sequence are
uniformly bounded for 0 < ¢ < ¢* since |z (t) | < A% These solutions
are also equicontinuous since they are absolutely continuous and
|da/dt| = | f@t, z, u) | £ M almost everywhere. Let us choose a uniformly
convergent subsequence z;(¢), x2(f), --- from this sequence, and let us
denote the limit of this subsequence by x(¢). We shall show that x(¢)
is the solution which corresponds to an optimal control u (¢).

Making use of the equicontinuity of the solutions z;(¢), z2(¢), -+ -, we
conclude that z(0) = z® and z(f,) = 2*. In addition, there exists no
solution for which z(0) = z® and z(t) = 2*, with0 < t < ¢ . Further,
since all the z;(¢) satisfy a Lipschitz condition with the same constant M,
their limit x(f) satisfies the same condition. Hence, z(f) is absolutely
continuous, and | dz () /dt | £ M. Let

da(t) dz()

di y(t): di = yz(t)) 1 = 17 2: .
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The functions y (t) and y.(¢) are defined almost everywhere on [0, #], are
measurable, and are bounded. Let ¢y be a point of [0, #] for which dx (4,) /di
exists. We shall show that then dx (¢,) /dtE€ER (b, x (to)).

The set R (¢, «) is upper semicontinuous (u.s.c.) with respect to inclusion.
Consequently, for any ¢ > 0, there is a 6 > 0 such that R(f, ) € U,
whenever |t — &y | < dand |z — z (f) | < 2M8, where U. is a closed e-neigh-
borhood of R (ty, x(t)). Making & smaller, if necessary, we may suppose
that

x(t) — x(t)  da(to)
@) t—t @ | <
whenever |t — & | < 8. But
— . P— . t
:l)(t) x(to) = lim xt(t) xz(to) = lim yi(’r) dr
t'—tO 1> t—to iewt—to to
(4) 1
=lim [ yilts + (6 — 1)) ds.
i-»0 JQ
Furthermore,

yi(r) = dzi(r)/dt = f(r,2i(7),  wi(r)) € B(7, z:(7))
for almost all r. For all sufficiently large ¢ and | + — & | < 6, we have
| z:(t) — z(to) | < M3, |2:(7) — z:(to) | < Ma.

Consequently, |z:(r) — z(t) | < 2M3s. But then, from the previously
made estimates, R(r, z;(r)) © U.. Thus, if |¢ — | < §, and for all
sufficiently large 7, the integrand in (4) is contained (for almost all s) in
U. . Hence, the whole of the integral (4) is also contained in U, (U. being
a convex set). Consequently, the left-hand side in formula (4) is also
contained in U.. Now it follows from (3) that dx (f)/dt is contained in
a 2e-neighborhood of R(f, x(f)). Since e is arbitrarily small and R is
closed,

dx (to)
dt

Hence, there exists a u€Q (f, x (f)) such that dz (&) /dt = f(t, (%), u).
Thus, for all ¢ for which the vector function x (f) has a derivative, i.e.,
for almost all ¢€[0, #], z(¢) satisfies (1) where u(¢) €Q(¢, z(¢)). It follows
from the lemma, proved below that u (¢) can be considered to be measurable.

LemMa. Let the vector function f(t, wi, -+, u,), or, more concisely,
f(t, u), be continuous; let the set Q(t) be closed, bounded, and u.s.c. with
respect to incluston (in t); let the vector f(t, u) describe a set R(t) when the

€ R(t, z(%)).
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vector w = (uy, ---, U,) describes the set Q(t); and let y (t) be a measurable
vector function such that y(t) € R(t). Then there exist measurable functions
ur(t), « -, ur(t) such that f(t, wy(t), - -+, u:(t)) = y (@) for almost all ¢.

Proof. For a given value y<€R(t), we shall always take that
U= (u, ', u), from among all the values of the vector € Q () which
satisfy the equation f(t, u) = y, for which the coordinate w; has the
smallest value. If there is more than one such u, we shall take that one
for which the coordinate u, has the smallest value, etc. (the smallest
value exists since, on account of the continuity of the function f, the set
of values u which satisfy the equation f(f, u) = y is closed). We shall
prove by induction that the functions u;(¢), -, u,(f) are measurable.
Let us suppose that u; (), -« -, us—1(t) are measurable (if s = 1, nothing
need be assumed), and let us prove that u,(f) is measurable. There exists
a closed set E C [0, t;], of measure greater than ¢{; — ¢, such that the func-
tions y(t), wa(t), +--, s (t) are continuous on E (this is a property of
measurable functions). Let us show that, for any number a, the set of
t€ E for which u, () = a is closed. Suppose the contrary. Then there is a
sequence t,€E, n = 1,2, ---, such that

(5) t,—>1€E, U (b)) < us (@) — e, a > 0.
Since | u:(t) | £ const. for all 7 and ¢, a subsequence ¢,,, can be chosen
from the ¢, such that w;(t,,) msw @, for ¢ = 1, 2, ---, r. Since

u(t,) €Q (), and Q(t) is closed and u.s.c. with respect to inclusion,
(@g, -+, %) = 4€Q®). It follows from (5) and the continuity on E
of the functions u;(¢),7 = 1,2, -+, s — 1, that

ai=ui(z); t=1,---,8—1,

(6) 3 .
s S us(f) — .

Passing to the limit in the identity f(t, us(¢), -+, u.(t)) = y(¢) with

respect to the above chosen subsequence, and making use of the continuity

of the function f, we obtain

(7) f(z7u1(z)’ ""us——l(z)’ﬁsy ""af) =y(z)
By (6) and (7), u, () is not the smallest value u, which satisfies the equa-
tion

FEGu@), -y ua @), Uy ooy u) = y(@).

This contradicts the definition of u, (). Thus, our assumption is false, and
the set of t€ E for which u,(t) < a is closed.

Hence, u,(t) is measurable on E. Since £ C [0, t;], and the measure of
E is greater than {; — ¢, where ¢ is arbitrarily small, u,(f) is measurable
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on [0, ¢,]. Hence, by induction, we conclude that all the w;(¢),z =1, ---, 7,
are measurable.

Note. In actual mechanical systems, of course, it is impossible to realize a
control described by a function w(f) if the function is merely measurable
without being piecewise continuous. In spite of this, Theorem 1 does not
lose interest since any measurable function u () can be approximated by a
continuous function v (f) such that

(8) f:l lu(t) — o(t) | dt < o,

where & is arbitrarily small.” If, in (1), we replace the optimal control
%(t) by a continuous control »(¢) which satisfies (8), then, by virtue of
the theorem [3] on the continuous dependence of a solution on a parameter,
the solution  (t), although it may not attain the given point z* at ¢ = ¢, ,
will come arbitrarily close to «* if the number 5 in (8) is made sufficiently
small. Thus, in many cases, one may even get along with continuous con-
trols.

II. Piecewise smoothness condition on the control functions w,(f). Let
system (1) have the form

(9) %—’ =gt 21, -, 2a) + Zlbis(t)us(t), i=1,---,n,

where the ¢;, dg:/0x, , and b;, are continuous, and the u,(f) must satisfy
the conditions

(10) Ius(t).ély 8=1""77"

By Theorem 1, there exist measurable bounded functions w,(¢f) which
satisfy (10) for which the solution of system (9), with initial conditions

2:(0) = zw, ¢ = 1, .-+, n, attains the point (%, -+, 2,*) the most
quickly of all. By [4], the functions u, (t) satisfy the ‘“maximum principle”,
(11) f@ z, w)-¢() = max,
where f = (fi, -+, fa) is the complete right-hand side of (9) in vector
notation, ¢ = (Y1, -+, ¥n) is a solution of the system

Wi _ _ sl S
(12) —6‘t" = I; o%; ‘I/k) 1= 1’ » 1,

and the maximum is taken with respect to all the u, which satisfy (10).
For the system (9), (10), the expression in (11) attains its maximum
2 If we assume that u(¢)€Q, where the set @ is connected, locally connected, and

does not depend on £ or z, the function »(¢) in formula (8) can be chosen in such a
way that v(£)€Q.
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when
(13) U (t) = sgn by (1) ¢ (), s=1,--,mr

where b = (bys, *--, bn). It is assumed that b, () -¢(¢) = O only for
values of ¢ which form a set of measure zero. If the values of ¢ for which
b:(t) -¢ () = 0 have no point of accumulation, the function u,(¢) in (13)
is piecewise continuous. Points of accumulation can only be those ¢ where
the relations b, (t) -¢ (t) = 0 and d (b, (t) -¥(t))/dt = 0 hold simultaneously
(here we assume that db,/dt is continuous). Hence, we can conclude that,
generally speaking, for the majority of solutions ¢ (f) of (12) such points
of accumulation will not exist, and, therefore, for the majority of optimal
trajectories z (¢), the controls wu,(t) will be piecewise continuous.

If the system is linear with analytic (in particular, constant, as in [5])
coefficients and b, , and if b, (¢) -¥ (t) # 0, then b, (f) -¢¥ (¢) can vanish only
at isolated points, and, consequently, an optimal control is piecewise
continuous. The verification of the conditions b, (¢) ‘¥ (t) #0,s =1, --- , 7,
may be carried out relatively easily, since it suffices to verify if these
equalities hold in a neighborhood of the point ¢ = 0.

Analogous results for linear systems have been obtained previously by
other methods by N. N. Krasovskii [6] and R. V. Gamkrelidze; the original
proof of Gamkrelidze’s [5, pp. 472-474] was replaced by a proof due to
the author of this article.

III. The case where the optimal control is continuous. Suppose that
the conditions of section I are satisfied, and, in addition, that the set
R(t, ) is strictly convex® and depends continuously on ¢ and z; i.e., for
every e > 0, there exists a8 > Osuch thatif |ty — & | < dand |21 — 22| < &
then the distance from any point of R (¢;, x:;) to the set R(¢;, x;) is less
than & (for7 = 1,7 = 2 or ¢ = 2,5 = 1). Suppose that to each value
vER(, x) there corresponds only one u€Q (¢, x) for which f(¢, z, u) = v.
Then, the value of % at which the maximum in (11) is attained will de-
pend continuously on ¢.

Indeed, the maximum is attained at that w for which the point
f@t, x, u) = v€R(L, x) lies on the support plane to the set R({, ) which
is perpendicular to the vector y. By virtue of the strict convexity of
R(t, x), this point v depends continuously on ¥. Under the assumptions
we have made, u depends continuously on ». From this it is easy to show
that the optimal control u (¢) is continuous.

IV. The general formulation of the optimal control problem. There is
given the system (1) in the notation of section I; a closed set 4 in the

3 That is, every support plane to this set has only one point in common with the
set.
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hyperplane ¢ = #, ; closed sets B and D in the half-space ¢ = # ; and a
closed set Q (¢, z), in the space of the u, which depends on ¢ and z. It is
required to find a point z,€ A and vector functions z(¢) and «(¢) which
satisfy (1) and the conditions z(t) = o, (¢, x(t)) €D, u(t) €Q(, z(t)),
(o + T,z + T)) € B, such that the number 7T is minimal.

This formulation differs from the formulation of the problem in [1]
in that the set of admissible values of w, i.e., Q (¢, ), may depend on ¢
and z; that the solution z(f) must not leave the given region D, and
must get not from one point to another point in the shortest time, but
must get from one given set A onto another given set B.

If A is bounded and the conditions of section I are satisfied, then we
can make an assertion analogous to the assertion of Theorem 1 concerning
the existence of an optimal control within the class of bounded and mea-
surable functions. This can be proved in the same way as Theorem 1. It
is only necessary to add that the limit of a minimizing sequence of curves
x,(t) which belong to the closed region D is a curve which also belongs to
this region.

The formulation of the problem given above contains, as a special case,
the optimal control problems as formulated in [1], [5]-[7]. The formulation
of the problem of [1] has been given in section I. In [7] the requirement
that the solution z (¢) should not leave a given region D was added.

In one of the problems described in [5], it is in addition required that
some of the control functions, e.g., up11 (&), -+ -, u.(t), have derivatives
which are bounded by a given constant. Let us show that this case is also
included in the general statement of the problem given above. Let us add
the following r — p equations to the given system (1):

dus

—_— == P, S = +1 RIS r.

dt 8 p ) )
Now there are n + r — p functions z;, -+, Zn, Upt1, **+, U, in the

system, which are being sought. The last » — p of these are subject to
definite constraints (e.g., constraints of the form |u,(t) | £ N, if such
were the constraints imposed on the u, when they were considered to be
control parameters). Further, there are r control parameters u;, ---,
Up, Upt1, ", Ur. The same constraints as before are imposed on the
first p of these. The last (r — p) parameters must satisfy the constraints
|vs(t) | = L,s = p + 1, -+, r. The initial conditions for the desired
functions will be as follows: z;(fs)) = %w,%2 = 1, ---, n; u;(fy) arbitrary,
s=9p-+ 1, ---, r so long as they satisfy the imposed constraints (e.g.,
| us(t) | = N). Thus, the set A (see the beginning of Section IV) is no
longer a point. The set B is similarly defined.

The problem in which there is imposed the additional requirement that
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the derivatives (up to any given order) of the u.(t) must be bounded,
can be reduced by the same method to the formulation given at the be-
ginning of section IV.

In [6] constraints of the form

to+T
[ e sc
to
are imposed on the control parameters. In this case, the functions

i
s (1) = ft s (7)T? dr, s=1, -1,
0

can be added to the functions of system (1) as functions to be solved for.
Further, these additional functions are subject to the constraints
0 = 2,4: (1) = C and satisfy the equations

@%—ZEZ = [u, ()], ZTnps(to) = 0, s=1,,m

The u,(¢) remain as control parameters, but they are now subject to no
constraints; i.e., @ (¢, x) is the entire space. The set R (f, ) may also be
unbounded, but if it is closed, convex, and u.s.c. with respect to inclusion
(see section I), the proof given in section I on the existence of an optimal
control remains in force (with small changes). However, in this way, only
the square integrability of the functions u.(f) for which the control is
optimal can be proved. In [6] their continuity is proved by other means.

V. On sliding regimes. Let us show that an optimal control may not
exist if the set R(¢, ) in Theorem 1 is not convex. Consider the problem

dy

dx 2 2 o .
(14)
x(0) = y(0) = 0; z(T) =1, y(T) =0, T>0;
T = min.

Since dz/dt < 1, T = 1. It is easily seen that T' > 1 for any solution of
system (14), and that any sequence of solutions for which |u.(t) | = 1
and |y.(f) | £ 1/n is a minimizing sequence since, for such a sequence,
Zn(tn) = 1forl < t, <1+ 1/(n* — 1). Further, any minimizing sequence
converges to the functions 2 (t) = ¢, y(t) = 0 which are not a solution of
system (14) for any % (¢). Thus, an optimal control does not exist here.

In cases similar to the one considered, it is said that the minimizing
sequence converges to a sliding regime, where the following meaning is
assigned to this. Consider the problem (14). In order to obtain a solution
for which the time T is arbitrarily near the minimum (but unattainable)
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value T = 1, it is necessary that w(¢) pass sufficiently often from values
near +1 to values near —1. More precisely, let ¢, — 0 and 4, — 0, and,
for an arbitrary time interval of duration greater than é, , let the fraction
of the values of ¢ for which | u,(t) — 1| < e, differ from % by less than e, ,
and let the same situation hold for | u,(f) + 1| < €,. Then, such a se-
quence u, (t) is minimizing,.

Both in the example we have considered and in the case of more general
equations of the form (1), sliding regimes arise from the nonconvexity of
R (¢, z). It is clear from the proof of Theorem 1 that a sliding regime appears
when the vector dz(t)/dt does not belong to R (¢, ) on some interval
a < t < B. Then, the vector belongs to the complement of R (¢, x) with
respect to a convex set. Here, z(t) is the limit of the convergent sub-
sequence of the minimizing sequence, as in section I.

We note that in [8, p. 103] results similar to Theorem 1 of this paper
were obtained, but under somewhat different assumptions.
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ON THE NONLINEAR CONTROL PROBLEM WITH CONTROL
APPEARING LINEARLY*

H. HERMESt anp G. HAYNESt

1, Introduction. The problem of optimal control can be viewed as follows:
given the system of ordinary differential equations

(1) &i(t) = Fu(t, 2(0), u(t)),  2:0) = x, i=12-,m

where &; = dz;/dt, choose the control vector v = (w1, -+, u,) from a
given class U to extremize a given functional, which may depend on the
control u, and the corresponding solution ¢* of (1).

This paper is concerned with equations in which the control appears
linearly, i.e.,

(2) Fi(t) x, u) = gt(t) x) + h%'j(t’ x)ui ’

a sum being taken over the repeated index j. This form is particularly fruit-
ful in view of the existence results obtained by Markus and Lee in [10].
(See also [4] and [15].) For convenience the control set U is chosen to be
the set of vector valued functions u, defined by

U= {u:lu;(t)| <1, wu; measurable, t€ [0, ), j=1,2 .- r}.

A control function is called a bang-bang control if it belongs to U and has
the additional property | u;(t) | = 1for j = 1,2, --- ,r, ¢ = 0. Controls
that are not bang-bang will be referred to as intermediate controls.

In [6] LaSalle has shown that if

F(t,z,u) = a;($)x; + by(t)u,

then the set of points ¢"(¢), for some ¢ = 0 and u € U, is equal to the set
of points ¢"(t) attainable by bang-bang control. Thus it can be concluded
that for the time optimal problem, it is always possible to do as well with
bang-bang control as with an arbitrary control, if the system is linear. It is
shown in section 2 of this paper that if F is of the form given in (2), then
the set of points ¢"(¢) with u a bang-bang control is dense (as a subset of
Euclidean n space) in the set of points ¢“(¢) with « an arbitrary control.
This result by no means implies that it suffices to study bang-bang con-
trols only, since from a practical viewpoint, the number of switchings
necessary to approach optimality with a bang-bang system may far exceed
physical limitations.

* Received by the editors October 27, 1962.
t The Martin Company, Denver, Colorado.
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The remainder of the paper considers the problem of synthesis of the
optimal control for a system of the form

£1(t) = Ai(x(t)) + Bi(w(t))u(t)
B(t) = Ao(x(1)) + Bu(z(W)u(t),  x(0) = a’

where z = (21, 23) and U = {u:|u(f) | = 1, u measurable on [0, = )}.
The measure is always assumed to be Lebesgue measure. The problem is
to determine that v € U which minimizes a functional of the form

(3)

I

fow L(x(s)) dr

where ¢; is the time a prescribed final state is attained. The results can
immediately be generalized to an integrand function of the form I(x)
+ Ly(x)u. In particular if L = 1, this is the time optimal problem.

In section 2, under the restriction that A(zx) = —Ba(z)A4:(x)
+ Bi(x)A:(xz) 5 0 in some set together with other suitable restrictions,
it is possible to construct a set S C E* which is shown to be the region in
which solutions could exist. Because of the form of the equations (3) and
the functional to be minimized, this problem is particularly suited for
solution by the Green’s theorem approach; a method due to A. Miele [11].
By this method it is possible to obtain global conditions for optimality,
and thus, in special cases, to resolve the singular control problem (section
3.2) that can arise when the coefficient of the control appearing in the
Hamiltonian [8, Theorem 1] vanishes over some time interval of positive
measure. In section 3, the optimal strategy deducible from the Green’s
theorem approach is discussed. In particular it is shown that if one can
determine the optimal path in phase space, and this path can be realized
as a trajectory of the system (3) with a control v € U, then the condition
A 5 0 along this path insures that u is unique to within a set of measure
zero. An example of a time optimal problem is then given in which the
optimal path requires an intermediate control, in fact v = 0. The unique-
ness of this control yields the result that although « enters the equations
linearly, the optimal time cannot be attained via bang-bang control.

1. BANG-BANG CONTROL IN THE NON-LINEAR TIME OPTIMAL PROBLEM

In this section we consider the system of ordinary differential equations
(L.1) &(t) = g(t, () + H(, 2(t))u(®),  z(0) = &

where ¢(&, x) is an m-vector with components ¢;(¢, ), u(¢) is an r vector
with components u.(¢), while H(¢, ) is an m X r matrix with elements
denoted by h;;(t, ).



NONLINEAR CONTROL WITH CONTROL APPEARING LINEARLY 87

The set of admissible control functions U is defined by
U= {u:l|u(t)| <1, u;measurableon [0,0), j=1,2,--- r}
while we define
U'={ucU:lu(t)] =1, i=12 -1},

so that U’ is the set of bang-bang control functions.

Let R™ denote real m-dimensional space, and for y € R™ define | y ||
= > 71 |y:|. The following assumptions are imposed on the functions ¢
and H appearingin (1.1):for¢ = 1,2, --- jm;7 = 1,2, -+ | r;

1) ¢:(¢, x), hi;(t, x) satisfy a Lipschitz condition in x uniformly with re-
spect to ¢, of the form

lg:(t,2) — gi(8,8) | £ K|z — &,
Ihij(tr :1)) - hi]’(t’ :2) I é K “ x—z “’

i) | hes(¢, 2) | £ M, and

iii) g.(¢, ), h:;(t, ©) are measurable in ¢ for each fixed z.
FFor simplicity it is assumed that these conditions hold for (¢, ) € [0, »)
X R™. With these assumptions the system (1.1) has a unique solution in
the extended sense (in the class of absolutely continuous functions) for
any u € U, which is denoted ¢".

Define, for some ¢t = 0,

S(t) = {¢"(t):u € U},
S = {e"(t):u € UYL

Then S(t) is the set of points in R™ attainable from 2’ at time ¢ with an
arbitrary control, while S°(¢) is the set of points in R™ which can be at-
tained with bang-bang control.

Tuarorem 1.1. If for the system (1.1) the conditions (1.2) are satisfied,
then for every t = 0, S°(t) is dense tn S(t).

Proof. Let w € U and % € U’. Then the corresponding solutions ¢"
and ¢* of (1.1) satisfy

(1.2)

ww>~wm>z£meu»—ﬂuwmnm
-y[wmwu»~Hmwummam

+ [o H(r, 0" ()u(r) — a(r)) dr.

By using the Lipschitz continuity of g and H and the fact that | 4;(¢) | = 1,
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one can readily obtain

1) = 30 | £ mEG+ 1) [ 1) = 7)1 dr
(1.3)

+ || [ HG, (D) — 7)) dr

It now suffices to show that for ¢ > 0 and any given tfandu € U, itis
possible to find a @ € U’ such that [|¢“(t*) — ¢*(t*)|| < e
The procedure will be to show that @ € U® can be constructed so that

(14) “ ‘[ H(r, o“(r)u(r) — a(r)] dr || < e

With this shown, the required result follows from (1.3) by use of the Gron-
wall inequality.

For given t*, break the interval [0, t*] in n equal subintervals, each of
length 8. By Lemma 2, in the paper [6] of LaSalle, it follows that for any
1 < j < n, there exists a function %’ such that

|dij(t)| = 17 1= 1721 e ,T,t € [(.7 - ])6)]5]

and

];:'—m H(r,¢*(r))u(r) — @(1)ldr || = 0.

We define @ on the interval (0, t*] by
a(t) =a@'(t), (G—1s<t=jo,j=12 - ,n
Then for any ¢ € (0, ], (j — 1) § < t < jé for some 1 < j < nand

| [ e oute) = a1 an

-1/ T ()

() = @@l dr + [ i oo)late) = an)] dr

[ el = ands
(G—1)8

Now since the elements of H are bounded by M and the length of the
interval [(j — 1), ¢] is less than 4,

H fot H(r, o*(+)u(r) — a()] dr || £ 2Mmrs.
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By choosing 8 = ¢/2Mmr, or equivalently n = 20*Mmr/e, (1.3) yields
t
l()) = ¢ | £ e+ mKG+ 1) [ o) = %) | dr.

The Gronwall inequality can now be applied, giving
() — (0] < eexp (mK(r + 1)4

for any t € [0, ], which completes the proof.

From Theorem 1.1 it immediately follows that if R°(z°) is the attainable
set from 2 with bang-bang controls, i.e. R°(2°) = U;»08°(t), and R(z)
= U ;50S(f) is the attainable set from 2°, then R"(2?) is dense in R(2°). It
has been shown that for the problem (1.1) 8°(¢) is dense in S(¢) and it
might be conjectured that S°(¢) is equal to S(t). In particular, the con-
struction led to a control @ € U° such that not only was || ¢“(£*) — o*(t*)||
arbitrarily small for given v € U and t*, but || ¢“(¢) — ¢*(¢)|| was small for
all 0 < t < *, which certainly is not a necessary restriction. However, using
the synthesis method described in sections 2 and 3 [in particular see
Theorem 3.1 and Example 3-7] we show that in some cases S°(t) # S(t).

It will be useful in what follows, to be able to approximate measurable
control functions with continuous controls. The required results are given in

TuroreEM 1.2. If for the system (1.1), the conditions (1.2) are satisfied let

St = {e"(*):u € UL, t* 2 0
Se(t*) = {"(t*) :u € U, u continuous on [0, £*]}.

Then S°(t*) is dense in S(t*). Further, if given any € > 0 and control u € U,
there exists a continuous control % € U such that

le"(t) — e (Ml < ¢, 0

Proof. Since u; is measurable on [0, t*] for each j and | u;(t)| < 1, there
exists (see [12], p. 106), for any given § > 0, a continuous function % such
that | %;(¢)| = 1 and the measure of the set {¢:u;(t) = @;(¢)} is less than 4.
It follows that given w € U, t* = 0 and any ¢ > 0, there exists a continuous
control %, | %;(t)] = 1, such that

¢ < ¢

IIA
A

[ H, (D) — 5 dr

< e

for 0 < t < t*. Using this and the Gronwall inequality in (1.3), the required
result is obtained.
2. THE TWO-DIMENSIONAL PROGRAM

2.1. Formulation of the problem. In the following sections the synthesis
for a two-dimensional system with control function appearing linearly is
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considered. The differential equations are taken to be of the form
(2.1) E(t) = A(z(t)) + u(@)B(x(t))

with the condition 2(0) = 2°, where

1 Ay(x) Bi(z)
T = (132) ) A(l‘) - (Az((l?)) ) B((li) - (Bz($)> )
while u is a scalar valued control function. It is assumed that 4;, 4;, By
and B, are once continuously differentiable in an open, simply connected
set D C R®. The initial point z” and terminal point «’ will always be con-
sidered to be in D.
We define the set of admissible control functions U as

U={u:|u(@)| =1, umeasurable, &€ [0, =)},

and denote by ¢“(-, 2°) the unique solution of (2.1), in the class of abso-
lutely continuous functions, for control u € U, such that ¢*(0, 2°) = 2". No
distinction will be made between controls which differ only on a set of zero
measure.

In the development to follow, it will often be of interest to consider con-
stant control functions, in which case the system (2.1) is autonomous. To
emphasize the constant control, we will use ¢ to designate the solution of
21) foru(t) =a, —1 £ a = 1.

Also, since for any given u € U, our interest is only in values of ¢ for
which ¢"(t, 2°) € D, the notation T'(u, 2°) will be used to denote the largest
interval of non-negative real numbers containing zero such that if
t € T(u,a"),¢"(t,2") € D.

The problem considered is to find that w € U, such that ¢“(t;, 2°) = 2,
which minimizes the functional

Clu, ', 2’) = fotf L(g*(r,2")) dr

where L is a given once continuously differentiable function in D, and ¢, is
the first time the given state &’ is attained. It has been shown by Markus
and Lee [10] that if for some w € U and some t = 0, ¢“(t, ") = 2/, then
there exists an optimal control. This result is a special case of a more general
existence theorem obtained independently in [13] and [4].

2.2. The attainable set for the problem (2.1). Before the synthesis of the
optimal control can be discussed, a study of the attainable set for the prob-
lem (2.1) is necessary.

Define

R@E") = {2 ¢ Rz ="t 2") forsome t¢€ T(u,a"),uc U},
R = {z € Rz = ¢“(—t,2’) forsome t¢€ T(u,z’),uc U}
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where ¢“(—t, 2’) is the solution of (2.1) with @ replaced by —&. Thus
R(2") denotes the set of points which can be attained from «°, while R(z”)
denotes the set of points from which 2’ can be attained.

Obviously, if a solution to the optimal control problem for (2.1) exists,
the segment of the trajectory connecting z° to 2’ must lie in R(2°) N R(z’).
Also if R(z") N R(2’) # J, the empty set, there is a control w € U such
that an arc of the trajectory ¢“ joins 2° and «’ (i.e. existence). The remain-
der of this section will, therefore, be a discussion of this set.

Our goal will be to obtain sufficient conditions that the trajectories
o (-, 2", 0 (-, a"), ¢' (-, 2') and ¢ (-, ') determine R(2") N R(z”). To
show the sense in which these trajectories may bound R(z”) N R(z’) we
define for any y € D, | « | £ 1, the vector £(o, y) = (A:(y) + aBi(y),
As(y) + aB:(y)). Thus the possible directions which a solution trajectory
to (2.1) can assume at the point y are given by {£(a, y): |a| = 1}.

Let

(2.2) A(y) = —By(y)Ai(y) + A2(y)Bi(y).

Note that A(y) # 0 implies y is not a critical point of (2.1) forany |u | < 1.

Let 0(e, y) be the angle traced out by the ray £(s, y) as o varies con-
tinuously from —1 to «. The angle will be called positive if it is traced out
in a counterclockwise direction, and negative if in a clockwise direction.

Lemma 2.1 If A(y) # 0, the set {£(a, y): | | =1} of possible directions is
bounded by £(—1, y) and £(1, y) with 0 < | 8(1, y)| < =.

Proof. For any —1 £ a = 1, £(e, y) lies on the line segment joining
£(—1, y) and £(1, y), since we can write £(a, y) = ((a + 1)/2)&(1, y)
+ ((1 = «)/2)&(—1,y). Thus £(—1, ), £(1,y) bound {&(e, y): || = 1}.

Letting | £(«, y)| denote the length of the vector £(«, y), the condition
A(y) # 0 implies | £(a, y) | # 0 and that ¢(—1, y) and #(e, y) cannot be
parallel for any —1 < o < 1, thus 0 < | 6(1, y)| < =.

In view of this lemma the directions £(1, z°) and £(—1, 2°) bound the
set of possible directions at 2°, and the angle 6(1, 2°), which we may assume
for the sake of this discussion to be positive, is such that 0 < 6(1,2°) < .
The next lemma will show that if we were to observe the angle 6(1, ¢'(t, 2°))
as ¢ increases from zero, the condition A(¢'(t, 25)) # O will insure that the
sign of 6 will not change. Also A(¢ (¢, z°)) 5 0 implies the invariance of
the sign of 6(1, ¢ (¢, 2°)). Intuitively one would expect that all possible
trajectories are restricted to a wedge-shaped region bounded by ¢'( -, 2”) and
o (-, 2°). We will now proceed to show this.

LemMmA 2.2 Let v(a), 00 = o = a7, be a continuous curve in D along which
A(y(o)) # 0; then sgn 6(1, v(o)) s tnvariant along the curve.

Proof. Since 8(y (o)) is a continuous function of o, if it changes sign there
would be a value oy € [00, o] such that 6(y(e1)) = 0. The assumption
A(y(o)) # 0 and Lemma 2.1 show that this cannot happen.
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DerinitioN. A curve T', homeomorphie to (0, 1), will be said to properly
separate D if D — T is the union of two non-empty, open (in D), disjoint,
sets Hy and H, .

The following are some consequences of this definition. Since H; and H,
are both open and closed relative to D — T, the set D — T admits the
partition H, | H, and is disconnected. Now arcwise connected implies con-
nected, hence not connected implies not arcwise connected. Thus ¢f T' properly
separates D, D — T' is not arcwise connecled.

We next show that T has no limst points in D. Indeed, suppose p is a limit
pointof Tandp € D.Then p € H, ,or p € H, ; assume p € H; . Since H;
is open there is an e-neighborhood of p contained in H; . Then this neighbor-
hood contains points of T', a contradiction.

An immediate result of H; and H; being closed in D — T is that
H,c H,U T, 0, € H,U T, where H; denotes the closure of H;in D. This
means that the frontier of Hi and Hs vs contained in T'.

One last result, needed in Lemma, 2.3, is that every point of T' ¢s a frontier
point of both Hy and H, . This will allow us to speak of the side of T in the
direction of H; . The proof of this is given in the appendix.

Define

P(xo) = {¢1(t) xO): i€ T, xO)} U {¢~l(t; .’CO): t e T(—1, xO)’ t > 0},
I(2') = {o"(—t,2"): t € T(1,2") U {o (=t 2’): t € T(—1,27),¢t> 0}.

Lemma 2.3. Assume T'(2°) properly separates D, forming the partition
H, | H, . Let H, be the side in the direction of £(0, 2°). Then if A 5= 0 along
r'(2’) endy € Hy,y ¢ R().

The statement also holds if «° is replaced throughout by &’ while £(0, 2°) is
replaced by —£(0, 27).

Proof. The proof will be given for the statement concerning T'(z"),
£(0, 2°), that for T'(z"), —£(0, 2”) following similarly.

Assume y € R(a°) and y € H,. Then there exists a u € U such that
0" (0, 2°) = 2°, ¢“(t1, 2") = yand “(t,z) € Dfor 0 < ¢t < t,. Since H,
is open let N (y) be a neighborhood of y contained in H, . Noting that D is
open, it follows from Theorem 1.2 that there exists a continuous control
function which will have an associated trajectory arc which initiates at
2 for t = 0, terminates within N(y) for ¢t = # , while the points of the
trajectory arc all lie in D for values of ¢ between 0 and ¢; . This shows that
there is no loss in generality in assuming that w is continuous, which we
now do.

Since T'(2°) properly separates D, I'(z”) has no limit points in D and
there must exist a point p € I'(2°) such that for some t, = 0, ¢“(t5, 2") = p

while ¢“(¢, 2°) € Hyforty < t < t; . We first consider ¢, > 0. Assume without
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loss of generality, that p = ¢'(t;, 2°). Since A(p) # 0, there exists a
neighborhood N (p) of p, contained in D, such that

i) A(y) # 0fory € N(p).

i) |6(1, p) — 6(1, y)| < w/4 fory € N(p). (This is assured by the
continuity of the right sides of (2.1).)

Let ts > & and such that ¢“(t:, ") = ps € N(p). Then ps € H, .

Since the right sides of (2.1) are continuously differentiable with respect
to z, solutions are continuously differentiable with respect to initial condi-
tions. Thus there exists an orientation preserving continuously differentiable
homeomorphism which maps N(p) onto a neighborhood of the origin of a
rectangular coordinate system, such that ¢'( -, 2°) maps into the # axis of
this system; trajectories of the form ¢'(-, ), ¥ € N(p), map into lines
parallel to the Z, axis; while the line perpendicular to ¢'( -, z°) at p maps into
the Z, axis. Let increasing ¢ correspond to increasing &; , while points which
were in H; N N(p) map into points with positive Z. coordinate. (See Figure
1.)

Since it was assumed that £(0, z°) is in the direction of Hy and A > 0
along T, £(0, p) is in the direction of H, . Now any point y € N(p) can be
joined to p by a continuous curve along which A 5 0. Thus the homeo-
morphism has been constructed so that the image of any point e£(«, y),
y € N(p),e>0,|a| £ 1, will be a point of the form (& , &) with Z = 0.
This property characterizes allowable directions.

The image of the point ¢ under the homeormophism will be denoted by g.
Thus ps maps into a point $s having coordinates (a, b) with b > 0, while
{¢"(t, 2"):ty £ t < ) maps into an arc with a tangent defined at each
point, joining the origin of the &; , & system to s .

Y., Xx%
y

Ficure. 1
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_ Join the origin to p, with the line segment £(t) = tp,s 0 < ¢ < 1. Then
£(t) can be represented as the couple (@, b). By the mean value theorem,
there exists a ts € (&, t) such that £(u(ts), ¢"(ts, 2°)) = ©"(t;, a°)
= k(a, b) where k > 0. But this is not an allowable direction, hence a
contradiction which completes the proof for £, > 0.

If &, = 0, we consider a neighborhood N (2°) of 2°, and extend ¢'( -, 2°),
@ (-, 2°) for small negative values of ¢. This can be done since A(z") 5 0.
Let ¢' separate N (a2") into H, | Hy , while ¢ * gives rise to Hs | Hs . Assume
points which were in H; are in H, N Hy .

Again let &y > 0 be such that p, = ¢"(t1, 2°) € N(2°). If p, € H; we can
use the previous argument with H, replacing H, and H; replacing H,
throughout. If p, € Hs — (H;N H;), we consider ¢ as the separating tra-
jectory and proceed as before.

In order to assure the existence of solutions of (2.1) joining 2° to ', the
following condition is imposed.

Conprrion 2.1. Either I'(2°) or I'(z’) properly separates D, and there
exist &y, &2, &3, ta > O such that

i) o'(t,2") = ¢ (—t,2).
i) ¢ '(t,a") = ¢(—t, ).
iii) The trajectory arcs ¢'(t, 2°), 0 < t < t,; ¢ '(t,2"), 0 = ¢t < t;;
(=, 2"),0 St = ts;0 (=t 2),0 =t =1y, all liein D.

iv) A(zx) # 0 for x in the set I'(z") or I'(2”) which properly separates D.

A problem will be said to satisfy Condition 2.1 if its associated ¢'( -, 2°),
o (-, 2%, ¢'(-,2") and ¢ (-, ') satisfy the condition.

REMARKS.

1. If the values t;, t., t; and i, exist, they are unique.

2. Tt is possible that ¢'(7, 2°) = 2/, [¢'(i, 2°) = '] for some ¥ = 0, and
that the problem satisfies Condition 2.1 with ¢, ¢, 3, £« > 0 replaced by
ti,t, ts, t = 0. Then since A 5 0 along the arc of ¢'(-, 2°), [¢ (-, 2")],
connecting 2° to 2’, it is the only allowable trajectory arc connecting these
points. In this event the problem is trivial, so it will be omitted from further
consideration.

3. This condition is sufficient for existence, but certainly not necessary.

Derinirion. Assuming Condition 2.1, S will denote the compact simply
connected subset of D bounded by the arcs of ¢'( -, 2°), ¢ (-, 2"), ¢'(-, 2’)
and ¢ (-, 2’).

The following theorem now gives the desired characterization of
R(z") N R(z’), in terms of the trajectories thru 2’ and &’ with controls 1
and —1.

TueoreM 2.1. If a problem salisfies Condition 2.1, and A(y) # O for
y € 8, then 8 = R(2*) N R(a").

Proof. a) Assume y € S. It will be shown that y € R(2") N R(a”). It suf-
fices to consider y € S interior, for if y belongs to the boundary of S, the
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result is immediate. It must be shown that there exists a control w € U and
ty = 0 such that ¢“(4, 2°) = y; and a control @ € U and ¢, = 0 such that
o (— by, xf) =Y.

Now 8 is a simply connected, compact subset of D with no eritical points.
It follows that every semiorbit which initiates within S must leave this set
in finite time. Thus the semiorbit ¢'(—¢, ¥), ¢ = 0, must intersect the
boundary of S, and do so along the arc of ¢ (¢, 2°) which contributes to the
boundary. (This is easily verified by observing that ¢'(—t¢, %) cannot inter-
sect ' (8, 2°) or ' (—t, 2’) by the uniqueness property, while if it intersects
¢ '(—t, 2’) a contradiction to Lemma 2.2 occurs.) Assume that the inter-
section occurs at the point & of the boundary of S, and that ¢'(—t;, y) = &
while ¢ '(t, 2°) = &. Then

u(t) = —1lfor0=t=st,
T \Lforty <t =ttty

is an allowable control such that ¢*“(t; + t:, 2°) = v.

Similarly construct ¢'(¢, y), t = 0. This must intersect ¢ '(—t, 2’) and
the control % is easily constructed.

Thusy € S —y € R(2") N R(a’).

b) Assume y € R(z°) N R(a’) but y ¢ S. A contradiction will be shown.
We consider the case where I'(z”) properly separates D, the proof being
similar with T'(z’).

Let T'(2") give rise to the partition H, | H , and assume, without loss of
generality, that the interior of Sisin H, . Let t; , ¢, , t; and & be as in Condi-
tion 2.1. Then either

i) y € Hy,
i) y € Hi — 8,
i) y = ¢'(t, 2°) for some t € Tp(1,2"),t > t, or
y=¢ (t a") forsome t € Tp(—1,2°), ¢t = t;.
We consider these cases in order.
By Lemma 2.3,y € R(")N R(2’) =y ¢ H,.

X2

r(x%

X

Figure 2.
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Next consider H; as our new domain. Then
r'(2) ={o'(=1,2):0 =t <t U {7 (—t,27):0 <t <t}

properly separates H;, forming a partition H; | Hy. Since A(y) % 0 for
y €8, A(z) # 0for 2 € T'(z’). Assume, without loss of generality that
the interior of 8 is in Hy. Then by Lemma 2.3, y € R(2") N R(a’)
=y & H = H, — 8.

This leaves only iii) above, which is quickly ruled out since the condition
A(z) 5 0for z € T(2°) implies that the intersections of ¢'( -, 2°), ¢ (-, 2°),
¢ (-,2") and ¢ (-, 2’) are unique, and cannot reoccur for values of t >
ort > 3.

Thus y € R(2°) N R(z’) = y € 8, which completes the proof.

3. SYNTHESIS OF THE OPTIMAL CONTROL FOR THE
TWO-DIMENSIONAL PROBLEM

3.1, Synthesis by Green’s theorem. Let A(z) # 0 for z € R
N R(x’) = 8, (assuming S is defined). Then for a given trajectory arc
¢"“ connecting two points Py and P; € S, the functional C (see Section 2.1)
can be expressed as a line integral along this are.

Py
“@d$1+%}dx2

tpy

(381)  C(u, Py, Py = [ L= [
tpo Py A

Suppose ¢! and ¢“* are two different solutions to (2.1), each joining P, to

Py in S, and having no points other than Py and P; in common. Let I' be the

closed curve formed by these trajectory arcs. If we traverse I' in a counter-

clockwise fashion by following first the arc of ¢** from P, to P; and next the

arc of ¢** from P; to Py, then

_ LB2 d$1 + LB1 dﬁ?Q .

(3-2) C(ul,Po,Pl)-’C(uz,Po,Pl)=?€ A A

Since the bounding curve T is a Jordan Curve, applying Green’s theorem
to (3.2), which is permissible by virtue of 4, , By, 45, By, L € C*(S), the
class of once continuously differentiable functions, the following result is
obtained:

(33)  Clw, Po, P) — Clus, Po, P) = [| wia) as
®
where
d (LB, o (LB,
B4 we) = 2 () + % ()

and ® is the region enclosed by T.
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Since w(x) is uniquely determined for all x € S, (3.3) provides a direct
means for determining the optimal strategy.

3.2. Relationship between w = 0 and the singular problem. The con-
trol problem (2.1) is said to be singular when the coefficient of u (see (3.5))
appearing in the Hamiltonian function vanishes over some time interval
of positive measure. In this case the principle of the maximum, or its classi-
cal counterpart condition IT of Weierstrass, fails to yield any information
regarding the optimal control. The vanishing of the coefficient of u can be
used to determine the intermediate nature of the singular control [7];
however, there are no criteria available that determine when intermediate
control should be abandoned in favor of a bang-bang control and con-
versely. The control problem (2.1) is singular when

(3.5) Pi()Bi(e" (1)) + pa(8) Ba(e" (1)) = 0

for some subset of positive measure of the interval &, = ¢t < {;, where p is
the costate vector whose elements are determined by the differential equa-

tions
. 9L dA; | 9By dA; | 0B, )
b= Pl(a?ﬁéﬁ“) 7’2(@7%@“

. 0L 041 aB1 ) (aA2 0B, )
p2 o é;; p (6902 + 8x2 + 6302
(For convenience ¢"“(t, 2°) is denoted ¢“(¢).)
From [2] the Hamiltonian is a constant, and the constant is zero so that

- L)) — pu() A(e" (1)) — pa(t) As("(2))
' — [P Bi(0"(8)) 4 pa() Ba(e"(£)]u(t) = 0.

This result is equivalent to the first integral of the calculus of variations [1],
with the constant of integration zero, by virtue of the transverality condi-
tion and the boundary conditions.

Then from (3.5)

(36)

g—t[pl(t)Bl(da“(t)) + pa(8) B2(¢" ()] = pu(8) Bi(¢*(8)) + pa(t) Ba(e"(2))

l:p(t) 0B (¢"(1) | L «;7312 (wu(t))] o (1)

3B, (6"(1)) 0B, (6*(1))] .«
+ [mu) o, + ) 22 ]w

using (2.1), (3.5), (3.6), (3.7) and recalling the definitions of A, (2.2),

=0
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and w, (3.4), this can be reduced to
(3.8) Z—t (D) Bi(e" (1)) + pa(t) Ba(e“ (1)} = A(e"(1))w(e"(t)) = 0.

Since A(z) # 0 for all z € S, (3.8) establishes a relationship between the
singular control problem and w(¢“(¢)) = 0. Thus, on arcs for which the
optimal control need not be bang-bang, » = 0.

Several comments can be made concerning the reverse implication, i.e.,
does w(¢"(t)) = 0 imply pi(t)Bi(¢"(1)) + p2(t)Ba(e"(1)) = 07 Again we
assume A # 0.

a) If w = 0along an optimal path obtained with an intermediate control

(| u(t)| < 1) then piB1 + p:B: = 0 along this path, since the necessary

condition (the maximum principle) would otherwise require that

[u(@)] = 1.

b) The condition w(¢“(t)) = 0 implies

Z’_t (pl B, + D2 B2) + f(t)(pl By + D2 B2) = 0,

where

on o L[ T 3 3 3
f(t) - Z{A A[*a-;;;[h + (a—x—232> ’LL—I" a—ﬁAl + (590—131) u]}

Thus if p1B1 4 p2B; is zero at any point of the are, it remains zero.

¢) If w = Oisan arc which intersects an optimal trajectory and is allow-
able (i.e., there exists a u € U such that the solution of (2.1) follows this
arc) in some neighborhood of the point of intersection, then the problem
is singular, i.e., p; and p. can be chosen initially so as to assure piB;
+ psB: = 0 at the point of intersection. In view of comment b), p.B:
~+ p2B, remains zero.

3.3. Uniqueness of the intermediate control. The synthesis procedure
will be to determine the “optimal path’ in the phase space, and then deter-
mine, if possible, a control from U, which leads to a solution of (2.1) with
a trajectory arc which coincides with the “optimal path”.

Theorem 3.1, which follows, will show that if one can determine a piece-
wise continuous control from U, such that the corresponding solution are of
(2.1) coincides with the “optimal path”, then this control is unique (up to
a set of measure zero). It will be found that to obtain a constructive
method to determine this control, one needs L, A, , By, A2, B, to be at
least twice continuously differentiable.

An example (3-7) will be given of a time optimal problem of the form
(2.1) which leads to an “optimal path’ which is obtained as a trajectory
arc of a solution of (2.1) with a continuous control » such that | u(¢) | < 1
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for all ¢. Theorem 3.1 then shows that there can be no bang-bang control
which leads to a trajectory coinciding with the optimal path, thus the re-
mark following Theorem 1.1, that S°(¢t) need not equal S(¢), beomes evi-
dent.

TaEOREM 3.1. If ¢"(t) and ¢*(s) are two solutions of the system (2.1) join-
ing two points a and b of a simply connected subset D C E2, such that

i) uecon, u>0,

i) “(0) =a, ¢"(0) =aq,

iil) ¢"(t) =b,  ¢"(s1) =0,

iv) {(e"(D):0St=<t) ={p(s)i0<s< s} =ACD

v) A(y) #0fory € D,
then t, = s; and @ = u, where we shall use = to denole equal except on a set
of measure zero.

Proof. The restriction v), implies that the trajectory ¢“ does not cross
itself, i.e., there are no values f and f such that 0 < &, { < t;, f = {,and
o' (1) = ¢"(}). Indeed, if this were the case, A ¥ 0 in the loop created,
hence constructing ¢' (¢, ) for i interior to this loop leads to a contradiction
of Lemma 2.2.

Then in view of condition iv), there exists a continuous, monotone func-
tion f defined on the interval [0, s;] by

(3.9) 0" (f(s)) = " (s)
such that f(0) = 0 and f(s;) = & .

It will next be shown that f is absolutely continuous. To show this, it
should be noted that there exist m, 6 > 0 such that
(3.10) m|t—1] = ]e"(t) — "D [+ e (1) — " (D)
for [t — ] < 8;t,1 € [0, t].

Indeed, assume that this statement is false. Let m = 1 mino<i<n [| ¢1"(¢)|
+ | @"(¢)]], and let 6, — 0, §, > 0. Then for each » there exists ¢, , I, € [0, &]
such that | I, — ¢, | < &, and

m [ tr - ZV l > lﬂalu(tr) - ﬂalu(zx‘) [ + (¢2u(tv) - §02u(zv)l~
Because of the compactness of [0, ¢;], there exist convergent subsequences
{t,.} and {,,} of {£.,}, {L,}; and they must have the same limit, say & . But then

| 1" (to) | + | @2(%) |

— hm l ‘Plu(tvk) - <P1u(t-wc) ‘ "I" itpzu(t,,k) —_ ¢2u(fyk) l

= =m
b>c0 ] by, — buy, I
and this contradicts the definition of m.

1 If the optimal control is defined over [0, {/], the interval [0, &:] can be assumed to
to represent an arbitrary subinterval over which u is continuous.
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Assume now that f(s) is not absolutely continuous on [0, s;]. A contra-
diction will be shown.

f not absolutely continuous implies there exists an ¢ > 0 and a sequence of
mutually separate intervals [ox(v), Br(¥)], bk = 1,2, --- , n(v) < «, such
that

i) each interval is contained in [0, si],
n(v)
(3.11) i) 2 |an(v) = Be(v) | > 0asv— o,

i
-

v

iii) | flar(v)) — f(Br(v)) | > eforall ».

~

3 =~
~

=
[

Choose 7 large enough so that for each k and » = 7,
| ar(v) — Bu(»)| <.
From (3.10) one obtains for every k and » = 7
m | f(a(v)) — f(B(»))] = " (fla(»)) — " (J(B(¥)))]
+ " (f(er(»)) — " (/BN = | e (ar(v)) — " (Bi(¥))]
+ [ e (aw(v)) — 2" (B(#))]-

Then from (3.11)
n(v)

e < > | fla(»)) — f(Be(»))]

k=1
n

v)
) e (a(») — e (B:(v))] + | e (an(#)) — " (Be(»)]}

L
m k=

for all » = 7. In view of (3.11), this is a contradiction to the absolute con-
tinuity of ¢% on the interval [0, s;]. This contradiction shows that fis ab-
solutely continuous.

By assumption

(3.12) @i (8) = Au(e" (1)) + Bu(e"(1))u(t), i=1,2

Also, since ¢* € C'[0, t] and f is absolutely continuous,
d U . U
(3.13) e (f(8)) = ¢"(f())f (s).

Now, in (3.12), substituting f(s) for ¢ and multiplying both sides of the
identities by f'(s) yields

e (f()f (8) = [Ade"((5))) + Bule"(f()u(f(sHIf (), ©=1,2,
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or in view of (3.9) and (3.13)

(3.14) ¢ (s) = [Ai(e™(s)) + Bi(e™(s))u(f(s))If (s),
But

(3.15) ¢i'(8) = Ai(¢"(s)) + Bu(e(s))u(s), t=1,2.

(It is only required that % € U.)
Equating the right sides of (3.14), (3.15) yields

<A1(¢’f(s)) Bl(so“(S))><, J(9) )
Ax(¢"(s))  Bae™(s))) \J (s)u(f(s))

= <A1(<Pa(3)) B1(¢“(3))>< 1 )
As(0™(s))  Bae™(s))/ \a(s)
which implies f'(s) = 1, u(f(s)) = @(s). But f is absolutely continuous.
f(0) = 0, hence s; = & and u(s) = 4(s).

1,2,

.
Il

3.4. Optimal strategy. The advantage of the Green’s theorem approach
is that the relative optimality of two distinet paths can be obtained directly.
It may be observed from (3.3) that if

[} 2 OinCR,thenC'(ul,Po,Pl) - C(uz,Po,Pl) 2 0.

The optimal strategy for the control problem considered is in some cases
quite obvious, and be simply determined by inspection of the behavior of
w(z) in R(2’) N R(2"). However, there are instances where this procedure
fails, and presumably a definite integration of (3.3) is required for the
determination of the optimal strategy. The purpose of this section is to
list only those cases where the optimal strategy is deducible directly from
the behavior of w(z) for all & € R(«") N R(a’).With regard to the behavior
of w(x) the following subsets are defined.

wy = {2 € RN R ):0(x) > 0}
3.17 w_ = {z € RN R(2'):w(z) <0}
wo = {& € R2*)N R(z'):0(z) = 0}
Case 1. w = R(2°)N R(z)).
If wo = R(z") N R(2’), and the interior of R(2’) N R(2’) is assumed to
be non-empty, then the control problem is degenerate. The value of the
cost functional is by (3.3) independent of the path taken in R(z) N R,

and hence independent of control.
ExampLE 3-1. Given

£ = 21 + T,
(3.18) Lo
x2=x2+w1u
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X2

Ficure 3.

with || < 1. Let 2° = (1,0),2” = (3, 0) so that S is bounded, and the
boundary of S is illustrated on Figure 3. Consider a time optimal problem
so that L = 1; then w(2) = Oforall x € S. An integral of (3.18) with initial
condition 2° when ¢ = 0 is

(3.19) ) —x =e.

so that the transit time is independent of control. Since A(xz) = 0 on x»
= =1, , which do not intersect S, and all motions from 2° lie in the quarter
plane of points with positive first coordinate and bounded by the lines
21 = =£x», Theorem 2.1 applies with the trajectories properly separating
the quarter plane. Thus R(z") N R(z’) = 8, so that there exists more than
one control w € U for which the solution to (3.18) satisfies the boundary
conditions. Hence, in view of this fact and (3.19) there is no unique time
optimum to this problem.

Case 2. Either w; = & or w_ = & and wo is the union of a finite number
of ares and points in R(z°) N R(27) .

If w(x) has a constant sign except on a finite number of arcs and points
were w(z) = 0, in R(2°) N R(z’), then the optimum control path lies in
the boundary of R(2°) N R(a’). This follows directly from (3.3) when com-
paring any interior path to a boundary path of R(2’) N R(z’"). The ap-
propriate branch of the boundary that contains the optimum control path
is determined by the sign of w(x).

ExampLE 3-2. As an example where w(x) was a constant sign everywhere
in R(2") N R(a’), consider (3.18) and the boundary conditions of Ex-
ample 3-1, with L = 2; + 2». Then w = 1/(2; — 1) and o_ = R(a°)
N R(a’), so that the optimal control path is the lower boundary of R(z")
N R(z") shown in Figure 3.

ExampLE 3-3. For the case where wy has a finite number of elements,
let L = —4xy + 222 + 4 log (2, + x») together with (3.18) and the
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X2
' -
Xp+ bx,2b=0
w<o ;
X2 X
0 | 2 3 Xi
w<o
gL weo
Fi1GUuRre 4.

boundary conditions of Example 3-1. Then

—xzz — (2, — 2)2
:1212 — x22

and wy = &, and w has a single element (2, 0). As in Example 3-2 the
optimum control path is the lower boundary of R(z") N R(z”).

ExampLE 3-4. For the case where wy is no more than a finite number of
curves in R(z") N R(z”), let

2
L =4bx1+4b2x2 - bxf - (—l——; b)xl.'Ez

2
— 4b° log (@ 4+ x2) — ("b 2_ b

(xlz - 3322) log (z1 + @)

where b is some constant, while (3.18) and the boundary conditions of
Example 3-1 apply. Then

- - {xz + bay — 2b}2

T2 — x?

so that wy = &, and wp is the intersection of R(2’) N R(z’) as shown in
Tigure 4 and is identical with the optimum control paths for Example 3-2
and 3-3. At this stage there is an important point to be stressed. As shown in
section 3.2, if there is an allowable arc along which w = 0, the problem may
be singular. If in Example 3-4 the constant b were chosen in the range

—1=b=1

then there is a control v € U for which the solution to (3.18) satisfies
(3.20), so that an intermediate control is not ruled out by minimizing the
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Xz
|_
Xgt+bx, -2b=0
W<o . Ibl<1
X% X
0 | 5 3 X
w>0
oL @R
Figure 5.

Hamiltonian.” However, by using the Green’s theorem approach this pos-
sibility has been ruled out, and it has been shown that the optimum control
is bang-bang.

CasE 3. wy and w_ are both non-empty and wp is at most a finite number
of curves in R(z") N R(z’).

In this case w(z) is not of constant sign in R(2°) N R(a’). It is only in
some instances that it is possible to find the optimal strategy directly. No
purpose is served by enumerating the conditions when this is possible, since
given a specific example it becomes a relatively simple task to see if this is
the case.

ExamrLe 3-5. Consider (3.18) and the boundary conditions of Ex-
ample 3-1. Let

L = z; + bxy — 2blog (a1 + @)

where b is some constant, then

x2+b$1—2b=0

over some interval of positive length. In this problem the intermediate
control is part of the optimal strategy, as illustrated on Figure 5. If b = 1,
then u = 1 for the arc of the solution trajectory coinciding with » = 0,
which illustrates the point that situations can arise where the control
problem is singular but is still bang-bang. (See comment ¢ given in section
32) If | b| > 1, there is no v € U which yields an arc of a solution tra-

2 See comments given in section 3.2.
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X2 X+ bx,~2b =0
Ibl>1
| -
0 Xi
..| L
Fraure 6.
X2
I+ w<o
x° wW>0 xf
0 i 3 X
w=0
-] F w<o

Ficure 7.

jectory coinciding with w = 0, and the optimum control is bang-bang. The
optimal control path has three sub-arcs, but to obtain the exact location of
the second sub-arc (Figure 6) presumably requires integration of (3.3).

Exampre 3-6. Consider (3.18) and the boundary conditions of Example
3-1 with

L = 4xy + xi2 + % log (21 + @2)
so that
3= 1822 — (21 — 2)2
x12 —_— :1:22 *

On the upper and lower quadrants of the circle shown on Figure 7, there
is some u € U for which an arc of the solution trajectory of (3.18) satisfies
w = 0, that is

xy + (11— 2)" = L.
On the other two quadrants thereisno« € U for which the solution to (3.18)
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A=0

w<0
A=0
RXONR(XH

i 3 X

w>o

A=0

Fraure 8.

satisfies w = 0. In this case the optimal strategy cannot be resolved directly.
Paths that give possible relative minima are sketched on Figure 7.
ExampLi 3-7. This will be an example of a time optimal problem that is
singular, and which illustrates, in view of Theorem 3.1, that it is not pos-
sible to do as well with a bang-bang control as with an intermediate control.
Consider
. 2 2
X1 = X1 — X1 XU,
(3.21)
By = —x+u, |ul 21
with boundary conditions 2° = [1, 0], 2’ = [2, 0]. The solutions to (3.20)
with control v = 1 and u = —1 are

t t
1 oy 4 —1 0y _ e
Aty = {, S e ={

ot (1
o(—ta') =13 + ¢, ¢ (=ta)) =1-3 + ¢
—¢' +1 e — 1

and & , 1., t; and t, exist. R(2") N R(a’) is illustrated on Figure 8, and A
= 2,xy — 1] # 0 for z € R(2") N R(2"). For this problem

Since w(x) = 0 when z, = 0, the optimal control is 4 = 0.
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APPENDIX

We wish to show that if T' properly separates D, every point of I' is a
frontier point of H; and H, .

Every point of T is a frontier point of either H; or H, , so assume I' to be
parametrized as T'(¢),¢ € (0, 1) and I'(f,) = po is not a frontier point of H; .
Thus there is a neighborhood n(py) such that n(p,) — I' € H,. We look
for a contradiction.

Let y be any point in H; . Join po to y with a simple arc C in D, see Figure
9. Since points in n(po) — I belong to H, while y € H; , there is a frontier
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Ficure 9.

point of H; and H; along C. Then this point is on T', since all frontier points
of H, and H; are on I'. Also, since I' has no limit points in D, there must
be a point p; € C such that T'(¢;) = p; (assume ; > &) while T'(¢) ¢ C for
t > t1 . Then every neighborhood of p; contains points of H; , or else there
would again be a frontier point of H; and H, on C between p; and y, which
would be a point of T.

Let Ty = {T'(t):ty = t = t,}. Take any simply connected open set D; in
D, which contains T'; in its interior, and has a simple closed curve in D as a
frontier. Let D; denote the closure of D; and $D; denote its frontier.

Define ¢, as the largest value of ¢ < ¢ such that I'({,) € FD; ; t; as the
smallest value of ¢ < #, such that I'(%;) € $D; ; ts such that I'(¢) ¢ D, for
t < ty ; while t; is such that T'(¢) ¢ D, for ¢t > t. (See Figure 9.)

Let E, be the set whose frontier is made up of arcs of $D; and arcs of
{T'(t):t = tzort = t3} by using the subarcs of the latter whenever they lie
within D, . It is easily verified that D, is a simply connected domain, and
I'y = {T(t):t, = t = t3} is a cross cut. Thus (Chapter V, Theorem 11.7
[13]) D; — T has two components, and T'; is contained in the frontier of
both. Now since neighborhoods of p; contain points of H, , while there is a
neighborhood 7n(p,) such that n(p,) — T contains only points of H,, it
follows that there must be a point of H; and a point of H; in the same com-
ponent of D, — T . Connect these with a simple arc in that component.
This arc must contain a frontier point of Hy , hence a point of T, which is a
contradiction.
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AN OPERATOR THEORETIC FORMULATION OF A CLASS OF
CONTROL PROBLEMS AND A STEEPEST DESCENT
METHOD OF SOLUTION*

A. V. BALAKRISHNANY

1. Introduction. In this paper we examine a class of control problems
in the context of abstract functional analysis. The formulation and method
of solution are succinct in form and concept and very general in scope.
The class of problems includes the linear final value control problems
[1, 2] as well as a more general class. In the former we seek to minimize the
Euclidean distance

” Lo — x(T) “7

where x, is the desired (finite-dimensional) position vector (or point in
phase space) and z(7T) is the actual response upon using a control u(t):

o(T) = fo W (T, $)u(s) ds,

and the optimization problem is to choose the appropriate u(t) from a
given class. A more general class of problems is that of minimizing the
integral square error

/; | g(t) — j; W(t, s)u(s) ds | dt

where g(¢) is the desired response and
T
o) = [ W, uls) ds
0

is the actual response using the control u(¢) and w(¢) is again subject to
constraint. For the case of an energy constraint, we also present a compu-
tational algorithm which in sufficiently many steps will approximate as
close to the optimum as required. This algorithm is based on the method
of steepest descent in a Hilbert space. We shall present some numerical
computer results employing the methods advocated in this paper in the
near future.

2. Abstract formulation of the optimization problem. We begin by formu-
lating the final value control problem in the context of linear operators
over a Hilbert space. In a large number of cases the control system can be

* Received by the editors March 9, 1962 and in revised form November 1, 1962.
t Department of Engineering, University of California, Los Angeles, California.
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characterized by the dynamical equations

d
(2.1) d—tx(t) = AWz(t) + Bu(t),

where for each i,
x(t) is a p-dimensional (column) vector or p X 1 matrix,
A(t) isa p X p matrix,
B(t) is a p X ¢ matrix, and
u(t) is a g-dimensional (column) vector (or ¢ X 1 matrix) specified
usually to be in some closed convex subset of the Kuclidean
g-space.
For any rectangular matrix M we shall define the norm, denoted || M ||, by

| M |* = trace M*M,

the star denoting the conjugate transpose. Given a preassigned vector z in
the Euclidean p-space, the control problem that concerns us is that of
choosing a Lebesgue measurable control function u(t), 0 = ¢t = T, so as
to minimize

” x<T) - X ”27
assuming A (L), B(¢) continuous and
T oy
f ” w(t) H2 dt < o
0
we may without loss of generality assume x(0) = 0. The point of departure

for us is that from (2.1) we know first that thereis a p X ¢ matrix W (i, s),
0 =i, s = T such that

(2.2) o(T) = fAW(T, Suls) ds,
where
(2.3) fAn W(T,s) |Fds < o,

A being the interval [0, T'].

If we denote by I the Hilbert (I..) function space of Lebesgue measurable
g-dimensional complex-valued functions square integrable over A, with
inner product of any two functions f(t), g(¢) in L. defined by

[f, g] = ng(t)*f(t) dt,
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then we can define a linear operator on H by
(2.3a) Lu = f W(T, s)u(s) ds
A

which maps H into the unitary (Hilbert) space I/, of dimension p. By virtue
of (2.3), L is a linear bounded transformation. We can then phrase the
control problem at hand as follows:

Given any z is I/, , minimize the distance

(24) | Lu — z ||

where u is restricted to be in a closed convex set C in I1. Let it be noted
that this is more general than (2.1) since we can consider any linear system,
not merely those deseribed by differential equations, and all we require is
the function W(t, s) which need not even be continuous. Also, letting the
control functions u be in € is in a sense more general than requiring that
the function be in a convex set at each point, and in particular it is not
required that the control functions be piecewise continuous.

For (2.4) we can establish the following existence theorems based on
standard results in Hilbert space theory.

TuaroreM 2.1. For each x in E, there is ¢ unique element z in the closure of
L(C) such that

(2.5) inf || Lu — x| =|z— =]
uec

Proof. We give a proof which is independent of the finite dimensionality
of E, and hence includes the general case where L maps H into another
Hilbert space. The proof is based on the following well-known lemma:

LemMa 2.1. Every closed convex set in a Hilberl space has a unique element
of minimal norm.

Proof. I'or a proof see [3].

To prove Theorem 2.1 we have only to note that the set, denoted L(C),
consisting of all elements of the form Lu, w € C, is convex, and hence so is
the set of all elements of the form

Lu — x, u € C.

Since the strong closure of this set is still convex, Lemma 2.1 applies and,
in particular, shows that there is a sequence {u,} of elements in C such that
the sequence Lu, converges to a unique element z in the closure of L(C) and

ilwnfCIILu—wl|=1i;rlllLun—xll= [z —a|.

We note that L takes bounded sets in H into bounded sets in £, , and
since the closure of a bounded set in E, is compact, L has the property
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that it maps bounded sets in H into conditionally compact sets in E,. A
linear bounded transformation of one Hilbert space into another which has
this property is called “compact” or “completely continuous’. Using this
we have

THEOREM 2.2. Let C be any closed bounded convex set in H. Then there ts
a unique element u, of minimal norm in C such that

(2.6) inf || Lu — @ || = || Luy — |l

Proof. Let {u,} be a sequence of elements in C such that

lim || Lu, — x| = inf || Lu — z ||
n->0 uecC

We recall [3] that the unit sphere in H is weakly compact, so that every
bounded sequence contains a weakly convergent subsequence. Hence
there is an element v in H such that a subsequence {u,,} converges weakly
to v. But since L is compact, we know [3] also that Lu,, converges strongly
to Lv. Then

i11£1]Lu—xI|= |l v — z |,

and since C is convex, Lv by Theorem 2.1 is unique. Since C is convex and
closed, we also have the deeper result [3] that v itself must belong to C.
Next consider the class of elements % in C such that

Lu = Iw.

This is a closed convex set, and by Lemma 2.1 must contain a unique ele-
ment of minimal norm. This is the element uy sought in the theorem.

The main problem is of course that of finding the element wu, or an ap-
proximating sequence. We shall describe such a method for the case where
C is actually a sphere. In order to do so, however, we shall need a few more
general results.

Let L* be the adjoint of L, so that L* maps &, into H:

L*c = u,
where the function u is defined by
w(t) = W(T, ¢)*x, 0=<t=T.

Then L*L is a linear bounded transformation defined on H, mapping H
into H and similarly, LL" is a linear bounded transformation mapping £,
into %, . Also, both LL* and L*L are compact and have the same non-zero
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eigenvalues. Moreover, for each z in £, ,

LL*x

fA W, OW T, §)*z dt

= Az,
where 4 is the p X p matrix

A = f aAwr, Ow(r, 1*
A

which is self-adjoint (“Hermitian”) and non-negative definite.

Let (A}, 2 =1, ,m £ p; s = Ny +++ = An, be the non-zero (and
hence positive) eigenvalues of A and let the e; be the corresponding ortho-
normalized eigenvectors. Then denoting by [, ] the inner product and by
| || the norm in both H and F, , we note that

L*ei
$i =1z

are orthonormalized eigenvectors for L™L, since
L*L1L%*e; L*e;
* T T
L'L ¢; = iz =N Ji72 = Mg

3 2

Also for each w in H, we have

m

(2.8) Lu = 2 lu, ¢ Leps
=1

and

m

L'z = Y [z, el .

=1
It can also be shown that

2
sup || Lu ||* = \..
lull <1
Again since H is infinite dimensional and ¥, is finite dimensional, zero is
always an eigenvalue of L. On the other hand, zero is not necessarily an
eigenvalue of L, since for this we must have

(2.9) W(T, )"z = 0
for almost every ¢ in A and some x 5 0.
Again,

inf || Lu — 2] >0
we€H
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for some « in E, if and only if zero is an eigenvalue of L*. For, if
L*x =0,
then for every u in H
lu, L*x] = [Lu, x] = 0,

so that the range of L is properly contained in K, . And conversely, if the
range of L is properly contained in ¥, , then there is a non-zero x such that

[Lu, 2] = 0,
for every w in H, so that
[u, L*z] = 0,
implying that
(2.10) Lz = 0.
It should perhaps be noted that (2.10) implies that
igfl]Lu—ka >0

for every nonzero scalar k; so that a ‘“pure gain” constant does not result
in Zero error.

In terms of the ecigenvector expansion (2.8), we can readily determine
an optimal w in H which minimizes

I L — = ||

for a given z in ¥, . For this we note first that

(2.11) | Luw — 2 || = [L*Lu, u] — [Lu, ] — [z, Lu] + [z, 2],

80 that minimizing (2.4) is equivalent to minimizing

(2.11a) [L*Lu, u] — [u, g] — lg, ul

for given ¢ = L™z in H. Suppose there is an h in H such that

(2.12) L*Lh = L*z.

Then

(2.13) || Lu — z||* = [L*L(u — h), (u — k)] + [z, 2] — [Lh, Lh]
(2.14) = [z, z] — [Lh, Lh],

and equality holds if and only if
(2.15) u = h.
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Note that we have established that the minimum of (2.13) is given by
(2.14) without resort to any variational arguments. With variational
arguments we only obtain a local extremum. We have shown here that the
minimum is actually an ‘“absolute” minimum. Using (2.8) we obtain
further that the element in (2.12) actually exists and can be computed
from

L¥Lh = 2 Nh, ¢lddr = L¥¢ = D [z, edL%e,
1 1
giving

(2.16) i

m *
vil L 6=y, [L_i’_d)i] b
1 T

It is perhaps necessary to add that (2.12) does not necessarily imply that
Lh =

It should also be noted that h is in the range of L*.
Denoting L*L by R, we can define a self-adjoint positive square root for
R by various means [3], for instance using (2.8):

(2.17) RV = ; [u, NI .

In terms of R, if we set

(2.18) i

then using (2.8) and (2.17),

i =

m

R = X [L*z, ¢der = 2 Iz, e]L% = L*x
1

1

and we obtain
| Lu — |

[R"u, R"*u] — [u, L*z] + [z, 2] — [L*z, u
= [|R"u — v |* + [z, 2] — b, o]

This shows in particular that we are seeking the minimum of the first term,
and reduces the problem, of course, to one completely in H. It is of interest
to examine whether the problem can also be stated as one entirely in %, ,
at least when we wish to obtain the unique element of minimal norm whose
existence has been proved in Theorem 2.2. For this, let R be the orthogonal
complement of Z with Z the null space of L. Then R is precisely the range
of L*, since

(2.19)

[L*z, w| = [z, Lu] = 0
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for v in Z. Let C, be the intersection of C and R. This intersection cannot
be empty, unless C is contained in Z, in which case the minimization prob-
lem reduces to finding simply the element of minimal norm in C'. Hence
we may assume that C' is not contained in Z. If C contains the origin
(that is, the zero element) as an interior point, for instance, C' cannot ob-
viously be contained in Z since

Lu =0

for « in the sphere about the origin contained in € implies that the same
is true for every element in H. In what follows we shall assume that C is
closed and bounded, and contains the origin as an interior point. For a
given x in K, , let 2z be the minimizing element such that

min || Lu =z |* = ||z — « |,
u€ec

and consider the set of u in C such that
Lu = 2.
Every such u can be written as
Uy + Ug

where ug is the projection of u in R and is uniquely determined by z, and
u, is the projection of w in Z, and

Full® = 1w * A+ 1 e |

In some cases, C' may be such that this will imply that u. is the element
of minimal norm sought—for instance, if C' is a sphere, or more generally,
is specified by a functional inequality: C is the class of all elements w in H
such that

Jw) =M

where f(u) is positive and

flw) = flu) i w2 [[ul],
Slug + ue) = J(ur) + f(u),

flau) = of(u) for a positive.

In this case, then, we can write
| u — o | = | LL*y — @ |f*
= [LL*y, LL*y] — [LL*y 2] + (& «] — [z, LL*y],
which is stated entirely in terms of elements y in K, , and y is such that
L*y € C,.



CONTROL PROBLEMS AND STEEPEST DESCENT 117

The case where C is a sphere of radius M about the origin can be solved
more explicitly using the eigenvectors {e;} or the eigenfunctions {¢;}. Thus
since we know that the optimal element of minimal norm can be written

u = Z al¢i ]
1=1
where
(2.20) >’ < M,

1

we are seeking the minimum of (using (2.13) and (2.16))
k
IL*L(uw — h), u — k] = 2 Na; — ¢
1

where

[IJ*.T, ¢1]

N

subject to (2.20). This is a finite dimensional problem, and we can therefore
get a local extremum by using Lagrange multipliers. Thus we minimize

2oNi(ai — ¢)® + 2o hald,
1 1=1

1

and obtain the solution as

Ni €
2.21 p= MG
(221 S #

where u is adjusted so that

v
o

We note that, for this choice of {a.},
[R + MI]Z aiqs,; = Z )\zcqu, = L*x,
1 1
where [ is the identity operator on H. In other words, since |R 4+ ul] has a
bounded inverse for every u > 0, the optimal element is of the form
R + wl]"'L*z.

We have used the Lagrange multiplier method to obtain this result. We
shall now give a general proof that it is indeed the optimal element sought,
and, moreover, we shall not make use of the finite dimensionality of I,
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in the proof. For this let, for each w in H,

(2.22) Q(u) = [Ru, u] — 2Re [u, g]
where Re stands for “real part,” and where

R =L'L
and

g = L*z.

We note that minimizing || Lu — z ||* is the same as minimizing Q(u).
The general problem is then to minimize the form Q(u) over H, subject to
|| w||* £ M? the operator R being compact, self-adjoint and non-negative.
Since R is non-negative, for each positive number k, (R + kI) has a linear
bounded inverse.

Let

we = R+ kI g.
Then | u ||* is a monotone decreasing function of k. Indeed,
(R e R
= ks — Bll(R + kl) (R + kel) (2R + (b + k)1, gl,

and the second factor is positive. Moreover || u ||* goes to zero as k goes to
infinity. Next, let us consider the problem of minimizing, for fixed k,

Qr(u) = (R + kDu, u] — 2 Re [y, g].
We have
Qu(u) = (R 4+ kDu, u] — 2 Re [u, (R + kI)uy)
= [(R+ kL) (u— w), (u— w)] — (R4 kL), w)

where the second term is positive and fixed, while the first term is non-
negative. Hence the minimum is attained at u = wuy :

(2.23) Inf Qu(w) = Qu(we) = —(R + kDw, wel = —lg, wl.

We shall need to distinguish between two cases.
Case 1. Suppose

sup || w || = M*.
k>0

Since R is compact and non-negative, let us use the fact that it has at
most a countable number of positive eigenvalues {\;}, and let {¢.;} be a cor-
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responding set of orthonormalized eigenfunctions. Since ¢ is in R, we know
that

g = Zl: [g; ¢Z]¢L

Also
_ = [ga d’z]

Ehp il
so that

2 = g, ¢i]|2 2

e | ‘Zl(m+k>2§M'

Hence

and we can define

Then w;, converges to uy as k — 0, and Ruy = ¢g. As we have seen, this is
enough to prove that u, minimizes Q(u) and, u, being in R, is also the unique
element of minimal norm which minimizes @(u).

Case 7. Suppose next that

sup || w ||° > M.
k>0
Then there is obviously a positive number, call it ko , such that
|y I = M7
Let
Qo = inf Q(u)
uecC
Now we know from Theorem 2.2 that there is an element wuy in C' such that

Qo = Q(uo)

It should be noted that only the compactness of L was used in the argument,
and not the finite dimensionality of £, . Let

| uo || = m®* = M*.
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We shall first show that actually m* = M*. Tor,
Q(u) = inf Q(w) = inf J(R + kDu, u] — 2Re [u, g] — fem”
Il w || 2=m

Il w | 2=m?2

= inf [(R + kDw, u] — 2 Re [u, g] — km®

weH
= Qu(w) — km’
= Q) + Hlll e [ — .
Hence, in particular,
Q(u0) Z Qlur,) + kol|] wey |* — m’].
But w,, is in C, and ky is positive. Hence we must have
(2.24) M = e, P = m* = {Ju |
Also, by Theorem 2.1,
Llu] = Llug,)
Llu, — wl = 0,
so that
Uy = Up, + U,
where u, is an element in Z the null space of I (or R). But

[ , u/co] =0,

since
(e, ] = [z, (R + kol) 'g)
= [(R + ko) 'u., g]
= [us/ko, g1 = [Lw./ky, 2] = 0,
and hence

o ¥ = 1 e * 4 1} e |

so that by (2.24), u. must be zero.

We may now state our result in its full generality.

THEOREM 2.3. Let L be a compact linear bounded transformation mapping
a Hilbert space Hy into another Hilbert space H,. Suppose for a given x in
H, it 18 required to minimaize

I L — 2 |,



CONTROL PROBLEMS AND STEEPEST DESCENT 121
subject to u being in the sphere C in H, .
lwl*= M
Then etther
(2.25) sup NL*L + kI || = M
in which case the sequence
we = [L*L + kI|™'L*z
is such that w, converges to the optimal element uy of minimal norm
lim || Luy — 2 || = inf || Lu — 2 ||> = || Luo — z |I%,
k>0 u€C
or
sup ||(L*L 4+ kD)7'L*z || > M
k>0
in which case
(2.26) uo = [L*L + kol 'Lz
where ko s adjusted so that
fuoll = M

yields the unique solution to the minimization problem.

As a corollary to this theorem we may note that the optimal solution is
always in the range of L*, or its closure. This is immediate if condition
(2.26) holds, since if

R + kIT"'L*z = wu,

then
Lz = [R + kllu = L*Lu + ku

or

ku = L¥x — Lul.
If condition (2.25) holds, and

R + kI 'Lz = u,,

then similarly

kutn = L*& — Luy),
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so that u, is in the range of L* for every n. It may be also noted that in
this case
x = Luy+ 2

where L*z = 0.
This generalization for instance includes the problem of minimizing

T
|
where it is assumed that

LJ | z(t) “2 dt < o, foT lT W (2 5) “2 dsdt < =,

fOT W(t, s)u(s) ds — x(t) : dt,

and it is required that
T
[ 7 ae < 2.
0

3. Method of steepest descent. We next consider the problem of actually
computing the optimal control function. If we know what the (non-zero)
eigen values and eigen vectors of LL* or L*L are, we can, as we have seen,
display an explicit solution in terms of these. On the other hand, in many
cases, such a determination can be difficult; and in any event, since what
is really needed is an approximation to the optimum for each given z, a
method of iteration which is proven to converge to the optimum is of value.
We shall now indicate an iterative “steepest descent” method in Hilbert
space for the case where the convex set ' is a sphere with center at the
origin.

It has been already noted that the optimal solution is in the range of
L* or its closure. We may therefore work either with LL* or L*L. We shall
describe the iteration method in the generality of Theorem 2.3, since the
fact that H, (or E,) is finite dimensional will not be used. Reference may
be made to the work of Kantarovich [4] who appears to have been among
the first to describe a steepest descent method in Hilbert space, which in
our context is applicable to the case where C is the whole space H, or the
sphere is of infinite radius. As before, (2.22), we may state the problem in
H ags that of minimizing

Q(u) = [Ruy u] -2 Re [u7 g];
where

I |* = M2
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Let u, be the n-th iteration. We define, as a function of £, 0 < k < oo,
Uit (k) = Uy — eata,
where
e = [z, 2al/[(B + kD)2, 2]
2o = (R + EDu, — g¢.
Now we note that
| Unt1(k) ||2
is a continuous funection of k¥ and goes to zero as k goes to infinity. Suppose
| w1 (0) |* = M,
then we define the (n 4 1)-th iteration as
Unt1 = Un+1(0).
Otherwise, we choose the positive number k, such that
| tnta (Fer) ”2 = M2;
and define the (n + 1)-th iteration as
Unpr = Unt1(kn).
We shall first show that thus defined,
(3.1) linm Q(un) = inf Q(u), |ul|®= M~

For this, let
Qura(u) = [(R + kuD)u, u] — 2 Re [u, g).
Then we have:
(3:2) Quir(tn) = Quwn) + ko — nallttn , wn] — 7”
where

2 [zn ) zn]2

TR kaD)en, 2l

It is convenient to distinguish between several cases. Suppose first that
kn = Ofor n = some N. Then for n = (N -+ 1), we note from (3.2) that

Qn+1(un+l> = Qn(un) — 7‘”2.

Hence also

Q(un+1) = Q(un) - 7'n2’



124 A. V. BALAKRISHNAN

so that Q(u,) is a monotone non-increasing sequence and
n+p—1

Q(un+-p) = Q(un) - Z 7'Ic2-

n

Since from (2.11),
Q(un) 2— —'[flﬁ, (IZ],

. . . . 2 . .
it follows that the infinite series Y » 7 converges, and hence in particular
., goes to zero. But

2 — [Zn ) Zn]2 > [Zn ) zn]2 — “?]x_ “2

Rz, 2] = [R| Nz l® 1R
where || R || denotes the norm of the operator R and is positive. Hence
lznll = | Bun — g | = 0.

Making use of the fact that the unit sphere in a Hilbert space is weakly
compact, we note that any subsequence of {u,} contains a further subse-
quence, call it {u,,}, such that wu,, converges weakly to an element u, in
the space. Since R is compact, Ru,, converges to Ru, and hence

(3.3) Ruy = g¢.

Suppose we choose the first iteration w; in the range of L*. Then u,
will be in the range of L* for every n, since

Pn

Un = Un—y — el [Lu, — gl.
Now the range of L* is contained in R which is a subspace, and hence u also
belongs to it. Hence u, is unique; that is, it is independent of the particular
subsequence chosen, because of (3.3). Hence the sequence wu, itself con-
verges weakly to u, . Now
Qu.) = [Run — ¢, un] — [un, gl
and hence converges to

Q(uo) = _[ul) ) g]’

and since Rup = g, we know that u, minimizes Q(u) and provides the
element of minimal norm which does so.

Next suppose k, % 0 for every n = (N 4+ 1). Using (3.2) again, we can
write

Qut1(Un41) = Qulun) + n; Eiflu: , wi] — [wiva , winal}

3.4) n
( + kn[un) un] - km—l[um, um] - 27'22-
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Using the fact that now for » larger than (N + 1), || u, ||* = M, we can
reduce (3.4) to

Q(un+l) = Q(um) - i?‘f, n>m

for m larger than (N -+ 1). But then, as before, this implies that Q(u,)
converges and

Lz ll® o kM — || Run — g ||’
RYkI]= TR+ ke

Since 7, goes to zero it follows from this that k, must be bounded. But

2
n 2
"

ST Y
“ IR + sup &k
so that
(3.5) 2y = [R + kudlu, — g —0.

Now || u, ||* = M* and, since R is compact, any subsequence contains a
subsequence, call it {u,,}, such that Ru,, converges and hence by (3.5),
kn;un; converges, and hence also

Foni || s | = ku; M,

so0 that {k,,} converges to ko, say. Suppose first that ky # 0. Then dividing
through by k,,; in (3.5),

Rt/ ken; + wn; — g/ko .
Hence the sequence {u,,} itself converges. Let uy be the limit. Then
Uy = [R + 7{701]_1!].

Also every subsequence {k,;} must have the same limit since

[t [ = M = |l |,
and there is only one value of ko such that
(3.6) IR + kol] g || = M.
This shows that {u,} itself must converge to 4. Next suppose that
ko = 0.

Then again, every subsequence k,; must have limit zero, for if
limit Ru., = ¢, | un, || = M
and
IR+ k™' = uo, Juwoll =M, k>0,
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we have a contradiction which follows from the fact that
limit [|(R + kol) "Run, || = | uo || = M.
On the other hand, the norm of the operator (R + koI) 'R is actually less
than one (R being compact and non-negative) so that
IR+ kD) 7R || || tng | > [ ns | = M.
Hence it follows that

lim Ru,, = ¢

and since Q(u,) converges, this is again enough to prove (3.1).
Hence the only remaining case we have to consider is one in which there
is a subsequence k,, = 0 and a subsequence k., # 0. Suppose then that

knm # 0

km+1 =0

]Cn_1 =0
kn # 0.
We have using (3.2),

Q(un+l) = Q(Un+1) — :;7‘1'2,

implying again that r, goes to zero and hence that
lim (R 4+ k. )u, = g¢.

Arguing, as before, it follows that the sequence k, itself converges, and
so does {u,}, establishing (3.1) again. It must be noted that the method of
iteration does not require any a priori estimates concerning x.

4. Relation to prediction theory. It is well-known that the optimal mean
square prediction (or estimation) problem for stochastic processes can be
stated as a minimization of a quadratic form over Hilbert space, the original
treatment of the problem by Kolmogorov in 1941 [5] being already in
Hilbert space language. The explicit connection is simply given by the
step from (2.11) to (2.11a) and has been enunciated as a “duality principle”’
by R. E. Kalman [6]. In (2.11) the operator B = L*L is a non-negative
“integral” operator with the corresponding kernel function being non-
negative definite. Let 2(t) be a Gaussian process having this function for
its covariance and suppose

2(t) = s() + N
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where s(¢) and N(¢) are Gaussian processes (not necessarily independent)
and let it be required to predict (estimate) s(7T + a) from z(¢),0 =t < T
with minimum mean square error. Then if we denote the optimal operation
by

foT x(t)u(t) dt,

the function % (¢) minimizes the form
(4.1) [Ru, u] — 2[e, u]

where % is now being considered in the L, space with respect to Lebesgue
measure over [0, 7 and

c(t) = E[s(T + a)x(1)].

Thus in both the “control” problem and the ‘“prediction” problem we are
minimizing the same form, but there is the important difference that in the
“prediction” problem u is free to be any element of the space, not neces-
sarily restricted to a convex set. There is also no unique way of going back
from (4.1) to the control problem, since R can be factored as L*L in many
ways, unless we require ‘“‘physical realizability”’, that is, we require in

Lu =v
that

o(1) = [o Wi, s)uls) ds.

The conditions under which, and the means by which, this can be done are
still largely unsolved. Also there are many prediction problems involving
non-linear operations, the control interpretation of which has dubious
meaning.
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CONTROLLABILITY AND OBSERVABILITY IN
MULTIVARIABLE CONTROL SYSTEMS*

ELMER G. GILBERT?Y

1. Introduction. The importance of linear multivariable control systems
is evidenced by the large number of papers [1-12] published in recent years.
Despite the extensive literature certain fundamental matters are not well
understood. This is confirmed by numerous inaccurate stability analyses,
erroneous statements about the existence of stable control, and overly
severe constraints on compensator characteristics. The basic difficulty has
been a failure to account properly for all dynamic modes of system response.
This failure is attributable to a limitation of the transfer-function matrix—
it fully deseribes a linear system if and only if the system is controllable
and observable.

The concepts of controllability and observability were introduced by
Kalman [13] and have been employed primarily in the study of optimal
control.! In this paper, the primary objective is to determine the control-
lability and observability of composite systems which are formed by the
interconnection of several multivariable subsystems. To avoid the limita-
tions of the transfer-function matrix, the beginning sections deal with
multivariable systems as described by a set of n first order, constant-
coefficient differential equations. Later, the extension to systems described
by transfer-function matrices is made. Throughout, emphasis is on the
fundamental aspects of describing multivariable control systems. Detail
design procedures are not treated.

2. Definitions and notation. Let a multivariable system S be represented
by

&= Ax + Bu
v=Czx+ Du

(1)

where:
u = u(t), p-dimensional input vector.
v = v(t), ¢-dimensional output vector.
x = z(t), n-dimensional state vector, n is the order of S.
& = (i), time derivative of state
A, constant nth order differential transition matrix.

I

* Received by the editors July 5, 1962 and in revised form November 1, 1962.
Presented at the Symposium on Multivariable System Theory, SIAM, November 1,
1962 at Cambridge, Massachusetts.

t Instrumentation Engineering, University of Michigan, Ann Arbor, Michigan.

1 Reference [14] gives a historieal account of controllability and lists other refer-
ences.
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B, constant, n row, p column, input matrix.

C, constant, ¢ row, » column, output matrix.

D, constant, ¢ row, p column, transmission matrix.

If n = 0 the system is said to be static.

The characteristic roots \; , 7 = 1, - - - n, of A are assumed to be distinct.
This greatly simplifies the proof of theorems and prevents the main course
of the paper from becoming obscured. Besides, there are few practical
systems which cannot be satisfactorily approximated with an A which has
distinet roots.”

Let p be an n-th order nonsingular matrix which diagonalizes A :*

N - - - 0
. )\2
(2) p'Ap = A =

0 - -+ +
Define normal coordinates as the components of the n-dimensional state
vector y,

(3) T = py.
Then the normal form representation of S is given by
@ y = Ay + Bu
v =17y + Du,
where
(5) B8 = p 'B, the normal form input matrix,
(6) v = Cp, the normal form output matrix.

The normal coordinates are not unique. If desired, they may be made so by
arranging the \; in order of increasing magnitude (roots with identical mag-
nitudes may be taken in order of increasing angle) and choosing the column
vectors of p, p;,7 = 1, - -+, n, to have unit Euclidean length.

Tor the purpose considered here, the system S is stable if Re \; < 0 for
all 7.

The rank of the input r, is defined as the rank of the matrix B (or equiva-
lently, the rank of 8). It is the “effective” number of inputs which can

2 See Bellman [15, p. 198.]

3 Familiar results of matrix theory will be used without comment. These results
can be found in Bellman [15] or other standard texts.
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influence the state vector. The integer (p — r,) = 0 is therefore the number
of ineffectual inputs. It is possible with no loss of generality to reduce the
number of components of u by (p — 7,).

The rank of the output r, is defined as the rank of the matrix C (orvy). It
is the effective number of outputs available for observing the state of the
system. The integer (¢ — r») = 0 gives the number of outputs (components
of v) which are linearly dependent if D = 0. It is possible without loss of
generality to reduce the number of columns of C' by (¢ — 7).}

3. Observability and controllability. A system S is controllable if 8 has no
rows which are zero. Coordinates y; corresponding to non-zero rows of 3 are
called controllable; coordinates corresponding to zero rows of 8 are called
uncontrollable. Uncontrollable coordinates can in no way be influenced by
the input u. Thus a system which is not controllable has dynamic modes of
behavior which depend solely on initial conditions or disturbance inputs.
Disturbance inputs are not indicated in (1) and will not be treated in this
study. Sometimes, they may be satisfactorily handled by means of ap-
propriately introduced initial conditions.

A system S is observable if v has no columns which are zero. Coordinates y;
corresponding to non-zero columns of v are called observable; coordinates ¥
corresponding to zero columns of vy are called unobservable. Unobservable
coordinates are not detectible in the output ». Thus a system which is not
observable has dynamic modes of behavior which cannot be ascertained
from measurement of the available outputs.

A few general remarks are in order. First, the definition of controllability
is different from Kalman’s [14]: “A system is controllable if any initial state
can be transferred to any desired state in a finite length of time by some
control action.” However, under the restrictions of the previous section the
two definitions are equivalent. More recently, Kalman [16] has taken the
same point of view given in this paper. For some additional remarks see the
note by Ho [17].

Second, there is a striking similarity in the definitions of controllability
and observability, the rows of 8 playing the same role as the columns of v.
This is also true of Kalman’s definitions, and means that remarks similar to
those of the previous paragraph can be made about observability. More
importantly, for every conclusion concerning controllability, there is a cor-
responding one concerning observability. This will be evident in the state-
ment and proof of theorems which follow.

Tinally, the definitions become more involved when the characteristic

¢ Usually it is desirable to eliminate ineffectual inputs and superfluous columns of

C. Exceptions occur when amplitude constraints are imposed on the u; (such as
|u;| <ki,i=1,--- p) or noise is present in the measurement of the v; .
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oS
°
u v
S u u* V¥ v
—) S* +
™
VO
SO
Sf

Fic. 1. System S and its partitioned representation

roots are not distinet. The diagonal matrix is replaced by a Jordan normal
form and the conditions on 8 and v are not so simply stated.

In order to deal more concisely with the above concepts consider:

TarorEM 1. A system S may always be partitioned into four possible sub-
systems (shown in Figure 1):

1) a system S* which is controllable and observable and has a transmission

matrix D,

2) a system S’ each of whose normal coordinates are observable and uncon-

trollable,

3) a system S° each of whose normal coordinates are controllable and un-

observable,

4) a system S’ each of whose normal coordinates are uncontrollable and

unobservable.

All subsystems have zero transmission matrices except S*. Also, u* = u° = u,
v=0"4+ 0, andn = n* +n" +n° 4+ n’.

The proof of Theorem 1 follows directly from equations (4) by partition-
ing y according to the restrictions 1) through 4). A somewhat more involved
partitioning may result when the characteristic roots are not distinct.

Thus the only subsystem which has to do with the relationship of v to u is
S*. The observable system S’ only adds a disturbance v° to the controlled
part of the output »*. Although §°, S8° and S’ appear to have little im-
portance in system analysis this is not necessarily so. If state variables ap-
propriate to the description of S°, S°, and S’ get large, neglected nonlinear
couplings may become important or physical damage of the system may
result. This certainly will be the case if S°, S° or S’ are unstable, i.e. there
are hidden instabilities.

From Theorem 1 it is clear that a necessary and sufficient condition for
the absence of S°, §°, and S” is that S be controllable and observable. It is
possible to determine if S is controllable and observable without recourse to
the normal form representation by means of the following theorem.

TurorREM 2. Let by ,¢ = 1, -+ , p, be thecolumnsof B and ¢;",1 = 1, - - -
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q, be the rows of C.° A system S is controllable (observable) if and only if the
vectors er; = A%, i =1, -, p, k=0, -+, n — e = (A")"(co),
i=1,-,¢k=0,--,n — 1) span the n-dimensional coordinate space.

The controllability part of this theorem has been proved using the pre-
viously mentioned alternative definition of controllability [14]. By duality
[13, 16] the observability part may be obtained for an alternative definition
of observability [13]. The fact that the same results are obtained for the
different definitions proves their equivalence.

Proof. First consider the controllability part of the theorem.

To prove necessity assume S is controllable and write

s = A% = (pAp ) *b; = pA*p"bs

(7) .
= pA'B;
Since 8 = [B1 -+ Bp] has no zero row it is possible to form a vector gr
= [ + -+ + kyB8, none of whose components is zero. Clearly, the vec-
tors et = pA*8T, k =0, --- ,n — 1 form a subspace of the space defined
by the ex; . But
det [60+ e en___1+]

B 0 0 - 0 )

0 &' 0 ofl; N
(8) = detyp; 0 O : Do :

0 -0 . Ba" LR A j

= (det p)(det V(BB -+ B.T) = 0

because the Vandermonde determinant V is nonzero for distinet A; , p is non-
singular, and the 8;* are all nonzero. Thus the subspace is n-dimensional.
Therefore the e;; must span the n-dimensional space.

To prove sufficiency assume the e; span the n-dimensional space. Then
for any r # 0, say

1
0
r = (pT )—1 . )
0
the inner product (r, ex;) cannot be zero for all k and <. But
(9) (r, exs) = (r, pA*8:) = (A", B:) = M'Bui.

Assume all 81; = 0 and a contradiction is obtained. Thus not all 8;; = 0. By

5 The superseript 7' indicates the transpose of a matrix or vector.
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changing r the argument also works on all other rows of 8. Hence S is con-
trollable.

To prove the observability part of the Theorem note (y.” is ¢-th row
of v)

i = (AN e = {(pAp )V (vi"p )"
(10) = (o )N (p ) i
= (P—I)TAk’Yi .

Since (10) is similar to (7) the remaining steps are the same as those in the
controllability part.

4. Observability and controllability of composite systems. In this
section the controllability and observability of composite systems are
related to the controllability and observability of their subsystems. Theo-
rems 3 and 4 treat respectively the parallel and cascade connection of two
subsystems. Successive application of these theorems extends the result to
composite systems which consist of many subsystems connected in parallel
and cascade. Theorem 5 is the central theorem of the paper. It states con-
ditions for the controllability and observability of a general feedback sys-
tem.

TuroreM 3. Let the parallel connection of systems S. and Sy form a com-
posite system S (see Figure 2). Then:

Hn=mn,+ n;

Z’L) AN, A = May, "% 5 Angas Moy 0 5 Aagd 5

iii) a necessary and sufficient condition that S be controllable (observable) s

that both S, and Sy be controllable (observable).

To prove Theorem 3 let S, and S, be represented in normal form. Then

ug Va
u | ——| Sa " N
=l
] Sb
AN ~— /
S

Fia. 2. Parallel connection of S, and S,
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from the notation in Figure 2 the normal form of S can be chosen so that

Ya As O
o-[uh o=l i)
g = [g:]) Y= [7a7b]y D =D, + Dy.
Simple inspection of (11) yields all parts of the theorem.

TuaroreEM 4. Let the cascade connection of system S, followed by Sy form a

composite system S (see Figure 3). Then:

Hn=mn,+ m;

11) >\1, ,)\n = )\la, ,)\naa,)\lb, >\nbb;

iii) @ mecessary (but insufficient) condition for the controllability (observ-
ability) of S is that both S, and Sy be controllable (observable);

iv) if S, and Sy are both controllable (observable) any uncontrollable (un-
observable) coordinates of S must originate, when designated according to
characteristic root, in Sp(S,).

Using the normal form representations of S, and S, yields

|2 : I — ya
6 h =
( ) |: bvYa Ab | | BbD \u, whnere r | yb I,

v = [Dyva volz + DuD,u.

(11)

as the set of equations representing S.
To put these equations in normal form define

I 0 I o0
where —¢As + Asp = —Beva, i,
1 = (6b7a)ij
(1) L v

(Brya):; denotes the 7j element of Byy. . The assumption of distinet roots

U=U0 Vo’-’ Ub Vb= v
L N
) sa ] sb >
S

Fic. 3. Cascade connection of S, followed by Ss
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requires Aja — A # 0 all 7z and 7. It is easily shown that

(15) ¥ = Ay + Bu
v =19y + Du,
where
A“ 0 6a ]
A. = =
(16) [0 Ab:l’ 8 [(—¢ﬁa + BuD,)

v = [(Dyva + vo9) s, D = D,Dy.

Results i) and ii) follow immediately from inspection of (15). Consider
the controllability parts of results iii) and iv). From (14) and (16) it is
obvious that a null row of B, or 8, will result in a null row of 8. Thus the
necessity of iii) follows. It is also clear that —¢8, + 8D, may have a null
row even if 8, and @B, do not. Thus iv) and the remainder of iii) hold. Cor-
responding reasoning applied to the columns of vy yields the observability
results.

Formulas (16) can be used to determine if S is controllable or observable.
Unfortunately, a fair amount of work is involved and there appears to be no
way of getting simpler sufficient conditions for the controllability or ob-
servability of S.

It is helpful to consider a few simple examples where S is uncontrollable
or unobservable even though S, and S, are controllable and observable.
Let S, and S, be given by:

Yo = —Y1a + U Y = —2Yn + U — U = —2Yw + Via — V2a
(A7) V14 = Y1a, U1 = Yn
V2 = Yla -

Then if 21 = y1a and 2. = yp define the state vector of S,

. [-1 o 1
(18) v= [ 0 —2]x+[0}ul
vy = [0 1l

In this example S is uncontrollable and unobservable because the matrices,
D, ,Dy,va, B, which “couple” S, and S, are such (D, = Dy, = 0, Byy. = 0)
that the input «; never reaches the normal coordinate of S; and the normal
coordinate of S, is not passed on to the output v, . This particular situation
cannot happen in single-input, single-output systems, since it would imply
either yv4 = 0 or B, = 0.
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For the second example let

(19) Yo = —Y1a + W Y = —2Yp + up = —2Yp + Via
Vig = Y1a + U1, V1= Y — U .

Taking the state vector of S as &1 = Y, T2 = Yw gives

o e R H

'l)1=[1 —1]113—'1111,

and for

(21) o= [} (1)]

the normal form representation is

(22) = [_01 -(-)2] v [(1)] “

v = [0 "1]?/—' U .

Equation (20) shows that 2; = y1, and @3 = yp can individually be con-
trolled and observed. Yet from equation (22), S is clearly uncontrollable
and unobservable. This apparent paradox is resolved by observing that the
uncontrolled (and therefore unalterable) coordinate y» = —a1 4+

= — 41 + yw. Therefore y,, and y, cannot independently be controlled
or observed.

A third example arises, applicable to the parallel connection of S, and
Sy , if the assumption in section 2 of distinct characteristic roots is waived.
Then iii) of Theorem 3 becomes analogous to iii) of Theorem 4, in that the
stated condition is necessary but not sufficient. Let S, and S, be identical
first order systems

(23) ylc = —Yic + Ui c = a, b.
Then S is given by

. -1 0 1
(24) z —[ 0 _1]91; -I—[l]u.
While 41, = x; and y» = @2 are controllable, they are not independently
controllable, since their difference is given by the solution of

(25) (11.71 - fi?z) = —(acl - xz).

TuroreM 5. Systems S, and Sy form respectively the forward and return
paths of a feedback system S (see Figure 4). Let the cascade connection of Sa
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u UO Vg= V
+ N
K Sq
Vb Up
R Sb N |
AN ~—— /
S

F1ia. 4. Feedback system S with S, in the forward path and S in the return path

followed by Sy be S, and of Sy followed by S, be S, . Assume that (I + D.Dy)
s nonstngular. Then:

Hn=mn,+ n,

i) a necessary and sufficient condition that S be controllable (observable) s

that S.(S,) be controllable (observable),

iii) a necessary but not sufficient condition that S be controllable (observ-

able) s that both S, and Sy be controllable (observable),

iv) if S, and Sy are both controllable (observable) any uncontrollable (un-

observable) coordinates of S are uncontrollable (unobservable) coordinates

of 8.(8S,) and originate in Sp.

Before going on with the proof, a few general observations are made.
The nonsingularity of (I + D,D;), which is equivalent to the nonsingular-
ity of (I + DyD,), is physically reasonable, for if it is broken the static gain
D = (I 4 D,Dy)"'D, = D,(I + DsD,)™" of the closed-loop system S is unde-
fined. Introduction of systems S, and S, is a natural consequence of proving
separately the controllability and observability parts of the theorem. Since
controllability involves only the influence of the input » on S, the system
shown in Figure 5a suffices. Similarly, determination of observability leads
to the system of Figure 5b. Statements analogous to ii) of Theorems 3 and
4 are not possible, since feedback alters characteristic roots.

By employing

Ug = U — Wy
(26)
V=V = Uy

and the equations describing S, and S,, the equations describing S are
obtained. Inspection of these equations shows 1) is true; however, they are
too complex to yield a simple proof of ii).



138 ELMER G. GILBERT

U _ucu Vb =up Vo= V
S¢ -1 S, |

: L

(a) (b)

F1a. 5. Systems for determining the controllability (a) and observability (b) of
a feedback system.

Consider first the controllability part of ii). From Figure 5a
Up = VU,
(27)

Ue = U — V¢ .

Using these equations and the normal form equations for S, gives (x = y.)

(28) &= Ax + Bu

for S, where

(29) A=A, — By,

(30) B = B.(I + DyD,)".

It is easily shown from the nonsingularity of (I 4 D,D,)™" that a row of B
will be zero if and only if the corresponding row of 8, is zero. Thus B has
non-zero rows if and only if S, is controllable.

The sufficiency part of ii) is proved by contradiction. Let S, be control-
lable and assume that S is uncontrollable. Then from Theorem 2 the vectors

eri k=0, - ,n—1,7=1, -+, p cannot span the n-dimensional space.
That is, a non-zero vector r exists such that
(31 (r,ex:) = 0,
k=0,---,n—1,¢=1, ---,p.
Or equivalently,
(32) r"A*B =r"(A. — By.)'B =0, k=0,---,n—1.
Kvaluating (32) starting with & = 0 gives
r"B =0
(33) r"(A; — By)B = r"AB — (+"B)v.B = r"A.B = 0

r"(Ay — By)" B = r"A B = 0.

From Theorem 2 it can be seen that the columns of the matrices A,*B,
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k=0, ---,n — 1span the n-dimensional space if and only if B has no zero
row. Since by the previous paragraph B has no zero row, this and (33)
imply that r is zero. Thus the contradiction is obtained.

The necessity part of ii) is obvious from the discussion at the end of
section 4.

The observability part of ii) is proved by starting with Figure 5b and
S, . Then 8 is given by

T
(34) A=A —BC, €= (+DD)y.
v = Cx,

The above steps can then be applied to the columns of C' with the desired
results.

Theorem 4 applied to the determination of S, and S, gives iii).

Consider the controllability part of iv). From (28), (29), and (30) it can
be seen that if the ¢-th row of 8, is zero, #; = N\;xz; . Thus the uncontrollable
coordinate y;, = x;is unchanged by feedback. Moreover, by Theorem 4 this
coordinate must originate in Sy . Similar arguments give the observability
part of iv).

The most important result of Theorem 5 is ii). It says that closed-loop
controllability and observability can be ascertained from the open-loop
systems S, and S, . Thus one is not forced to deal with intricate closed-loop
equations.

When S, is static an even simpler situation exists. Then iv) implies that
S is controllable and observable if S, is controllable and observable.

Further information on uncontrollable and unobservable coordinates can
be gleaned from Theorems 3, 4, and 5. Let S* denote the combination of
systems S°, S°, and §’, thatis, the part of system S which is not controllable
and observable. From Theorem 1 it is clear that the coordinates of
Sa*, Sy’, -+ - are uncontrollable or unobservable in the composite system S.
Thus S.*, Sy, --- are part of S*. To see what happens to the remaining
coordinates of S, , Sy, - - - it is sufficient to examine by means of Theorems
3, 4 and 5 the interconnection of the controllable and observable system
8.5, 8, --- . As an example take the feedback system of Theorem 5: S*
consists of S,* and S,* plus the coordinates of S,* which are uncontrollable
in the system S,* followed by S,* and unobservable in the system S;,* fol-
lowed by S.*.

5. The transfer-function matrix. The traditional approach to the analysis
and synthesis of multivariable systems is based on the transfer-function
matrix rather than the differential equations (1). To obtain a transfer-
function representation of a system S, it is assumed that the output vector »
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is entirely due to input foreing u, i.e., initial conditions are zero. Let La-
place transforms be denoted by upper-case letters.
Then

(35) V(s) = H(s)U(s)

where s is the Laplace-transform variable and H(s) = [H,;] is the ¢ by p
transfer-function matrix. The element H;;(s) is the scalar transfer function
which relates the -th output and the j-th input.

To obtain the transfer-function matrix from the differential-equation
representation consider:

TaEOREM 6. Given a system S defined by equations (1) and (4), the transfer-
Junction matriz is

H(s) =CIs—A)"'B+D =~Is— A8+ D

(36) » K,
=X e tD

where the matrices K; have rank one.

The first two expressions for H follow directly from the Laplace transform
of (1) and (4) with z(0) = %(0) = 0. Since (Is — A)™'is diagonal, the
second expression can be written out in terms of the columns of v, v, , and
the rows of 8, 8:":

n T
(37) m=3 Y 4 p
=18 — )\i
For any 7 corresponding to an uncontrollable or unobservable coordinate,
vsor B;" is zero. Thus the sum needs to be taken only over the characteristic
roots associated with S*, K; = v,8F”, being a vector outer product, is of
rank one.

The important, and not surprising, conclusion of Theorem 6 is that a
transfer-function matrix represents the controllable and observable part of
S, §* It has been noted in Theorems 4 and 5 that controllability and
observability of subsystems does not assure the controllability and observabil-
ity of a composite system. Thus transfer-function matrices may satisfac-
torily represent all the dynamic modes of the subsystems but fail to repre-
sent all those of the composite system. Furthermore, the loss of hidden
response modes is not easy to detect because of the complexity of the trans-
fer-function matrices and matrix algebra. Since differential equations offer
a safer basis for describing multivariable systems it is valid to ask why
transfer-function matrices should be used at all. The answer is that fre-
quency domain design procedures and the smaller size of H (it is ¢ X p
rather than n X n) often make computations more manageable.
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If the transfer-function matrix of a physical system is given it is generally
impossible to derive the corresponding differential-equation representation.
This is because the state variable choice is not unique and all information
concerning systems S°, 8°, and S” is missing. It is possible, however, to find
a set of differential equations (1) or (4) which yield the same H(s) as a
prescribed H (s). Procedures for doing this are described below. The main
result is stated here as a theorem and gives the required order of the dif-
ferential equations.

TrarOREM 7. Given a rational transfer-function matrix H(s) whose elements

have a finite number of simple poles at s = N;, ¢ = 1, -+, m in the finite
s-plane. Let the partial fraction expansion of H be

(38) ) = 3 A

where

(39) K; = hm(s — M) H(s),

(40) D = limH(s).

$->00

Let the rank of the i-th pole, r; , be defined as the rank of K; . Then H(s) can be
represented by differential equations (1) or (4) whose order is

(41) n= > r.
=1

The eigenvalues of A and A are distinct if and only of all r; = 1. It <s tmpossible
to represent H(s) by a differential equation whose order is less than n.

Frirst it will be shown how H(s) can be represented by a set of differential
equations.

Since the matrix K; is of rank »; there are r; linearly independent columns
inK,;.Letej,j=1,---,r;besuch a set of columns. Then every column
of K; can be expressed as a linear combination of the ¢;; . A compact nota-
tion is

where K, is a ¢ X r; matrix which has columns e;; . To determine F; pre-
multiply (42) by E”. Then

(43) E,;TK,- = EiTE.iFi .

But the determinant of ,"F; is the Gram determinant [19] of the e;; , and
is nonzero because the ¢;; are linearly independent (this is a good test for
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picking a linearly independent set e;;). Thus
(44) F; = (EiTEi)_lEiTK'i .

Once F; is known K; can be expressed as
(45) K;= Z ejifg’f
=

where fi; is the j-th row of F;. Thus

m

LA
(46) H(s) = 3 3. by p,
im1io18 — N\
This formula is similar to (37) except that there are r; vector outer products
for each ;. Thus H(s) can be represented by (4) where

A 0 0
0 )2[2 S

: : 0
(47) 0 0 )\mImJ
Fl]
B=1: |, v=I[E- - Kl
]

and I, is an identity matrix of order r; . Thus the root \; is of multiplicity ;
andn = D ;.

To show that a realization of lower order is not possible, the Laplace
transform of (4) is taken, defining a transfer-function matrix H. However,
to cover all possibilities it is essential that A take its most general form, the
Jordan normal form. For a characteristic root of multiplicity £, this means
that the number of Jordan blocks with this characteristic root is not fixed,
only that all the blocks taken together form a matrix of order £. However,
H shows that all Jordan blocks must be of order one if H is to have simple
poles (unless some modes are uncontrollable or unobservable, which only
increases the order of (4)). Furthermore, the rank of the residue of H at
s = \; is no greater than the multiplicity of \;. Thus if H is to have the
form of H in (38) the differential equations (4) must have a minimum
order

If the equations (4) have order greater than n, the realization is either
uncontrollable, unobservable, or both.
Theorem 7 provides a solution of the synthesis problem, since once the
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differential equations (1) or (4) are known, they can be realized as a physi-
cal system (example, an electronic differential analyzer). Furthermore, the
synthesized system uses a minimum number of dynamic elements.’ The as-
sumption of simple poles can be relaxed, but at the expense of considerable
additional complexity. Kalman [16] gives an alternative procedure for
determining n.

Theorem 7 and a simple example illustrate how the order of a system
represented by a transfer-function matrix may be underestimated. Let

[ 1 2 [ 1 2] [0 0]
(48) H@)=[ R T S 0 Y B

-1 1 s+ 1 s+2°
(s+1(s+2) s+2

At first glance it might be guessed that the system has order two, but
1+ r. =24+ 1= 3, so the minimum order is three. One realization of an
equivalent third order system is shown in Figure 6. It is possible that the
actual order of the system may be greater than three. For example, in
Figure 7 the order is five.

Underestimation of system order is the reason why most erroneous
stability analyses have gone unnoticed. In a stability analysis the number
of characteristic roots considered should at least be equal to the sum of the
minimum orders of all the subsystems. This is easily checked by means of
Theorem 7—and errors in many references gave been noted.”

If a transfer function matrix has any poles of rank greater than one, the
assumption of distinct characteristic roots, which was made in all prior
developments, is violated. If such transfer functions are encountered,
an approximating system may be set up (use approximation to equations
(47)) which has poles of rank one. Then all the previous results can be
used.

From the above discussion it is clear that each element of H(s) is an
integral part of the whole description. Thus it is generally not permissible
to partition a transfer-function matrix into several transfer function
matrices and treat the resulting matrices as though they describe distinct
systems. Yet, this has been done consistently in the representation of
plants which have more inputs than outputs [9, 12]. As a consequence er-

roneous statements have been made concerning the existence of stable
feedback systems.®

6 McMillan [18] defines the degree of a square ration al matrix, which is equivalent
to n, but the development is more complicated being based on the Smith normal
form of a polynomial matrix. He also shows that if the m atrix is an impedance matrix,
it may be synthesized by a passive network with n, and no fewer, reactive elements.

7 See for example [10, 11].

8 This has been noted by the author in a diseussion [12].
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Uy(s) | N Vi(s)
s+l ,,T] '

N 2

d s+l
U2($) _ Vz(S)

+
+ |
T_(X)—' s+2 |

Fia. 6. Third order representation of H(s).

Uj(s) 1 _J “’“Z_I" +  V(s)
s+ +

s+l

—1 Val(s)

i N | +
st)(s+2 ‘L"' s+2 j’_—"+
Usl(s)

Fia. 7. Fifth order representation of H (s)

6. Transfer-function representation of multivariable feedback systems.
Once the limitations of transfer-function matrices are recognized, it is
possible to apply them successfully to the analysis and synthesis of feedback
systems. In what follows it will be assumed that all transfer-function
matrices have simple poles of rank one. This will keep the transfer-function
representations consistent with the differential-equation representations
specified earlier.

Let H, and H, be transfer-function matrices representing S. and S, in
Figure 4. Then the developments,

(49) Us=U—-Vy=U— HV = U — HH,U,
= (I 4+ HH,)™'U,

(50) V = HU, = H,(I + HH,)™'U,

and

(51) V = HJ (U — Vy) = HU — H,H,V

(52) = (I + H,H,)"'H,U,
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give alternative expressions for the transfer-function of the feedback sys-
tem S,

(53) U= (I + HH)™ = (I + Haly)"'Ha.

H represents the controllable and observable part of S, S*.

The remaining part of S, S was considered at the end of section 4.
Systems 8. and S* naturally are missing from the representation H be-
cause they are not represented in H, and H, . The coordinates of S," which
are not controllable and/or observable in S correspond to the poles of H,
which do not appear in HyH, and/or I .H; . In the derivation for H it is
casy to see where the poles of I, are lost: (49) gives those of HyH, and
(51) gives those of H.Hy . It is not so easy to sce that no additional poles
are lost, a difficulty which has to do with complexities in evaluating the
inverse of a matrix of rational functions. This is one of the reasons that led
to the more careful treatment of section 4.

Suppose that all the subsystems which make up H, and H, are con-
trollable and observable. This is a reasonable assumption if transfer-
function matrices are to be used. Then from the preceding it is plain that
the characteristic roots of the feedback system are given by: 1) the poles
of H (these roots correspond to the dynamic modes in S which are con-
trollable and observable), 2) the poles of H, which do not appear as poles
of H.H, and/or HyH, , 3) the poles of the transfer functions representing
the subsystems of S, and S, which do not appear respectively in H, and Hy, .

In the course of system synthesis and stability analysis all characteristic
roots of the feedback system must be considered. Procedures for handling
the characteristic roots in category 1) have been developed reasonably well
in the literature. Therefore, additional effort here will be directed at 2) and
3). In particular, the problem of pole cancellation in multiplying two
transfer-function matrices will be explored. This problem applies directly
to 2), and often to 3), since the systems S, and S, are usually a cascade
connection of subsystems.” If S, or S, are themselves feedback systems
they must first be analyzed as feedback systems before progress can be
made on the analysis of the overall feedback system.

7. Pole cancellation. Consider the cascade connection of the controllable
and observable systems S, and S, (not the S, and S, of the previous sec-
tion, see Figure 3). The transfer-function representation gives

(54) H = HyH, .
If H has fewer poles than the sum of poles in H, and H; , pole cancellation
9 The special case where S, is static and S, is the cascade connection of two sub-

systems has been considered in [9, 12]. The results obtained are not as general as those
of the next section.
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has occurred and the system S is uncontrollable or unobservable. To go
further, a more detailed notation is required.
Let H, be written as
3Cq

(55) Ho= 3",

where h, is the characteristic polynomial for S,
(56) he = ka(s — Ma) - (8 = Muga), ko = 0.

Since it has been assumed that I7, has simple poles of rank one, h, has no
repeated linear factors.”” The elements of the matrix 3¢, are polynomials
in s. Such a matrix is said to have a factor, if every element of the matrix
has the same factor. Since S, is controllable and observable 3¢, has no
factors common with h, . Similar remarks apply to H, .

Using the notation

(87) I = 3CIC,
and
(58) h = hbha,

system S is controllable and observable if A and 3¢ do not have common
factors. Any linear factor of h cancelled in H by a like factor of 3C corre-
sponds to an uncontrollable or unobservable mode in S. Unless the ele-
ments of 3, and 3¢, are in some way related, the possibility that & and 3¢
will have common factors is remote.

The most common situation which causes 3C, and 3¢ to be related is that
of compensation where either H, or H, is fixed, and the other (the com-
pensator) is chosen to make H equal a desired transfer-function matrix
H, . Clearly, if hy does not equal hyh, the compensated system S will be
uncontrollable or unobservable. Thus certain constraints must be imposed
on H, if S is to be controllable and observable. Often it is sufficient to
require that only the unstable modes of S, and S, be controllable and
observable in S. This reduces the number of constraints.

The following treatment of constraints assumes pre-compensation (H,
fixed) and Hy square (p, = ¢5). The assumption that S, is controllable and
observable is reasonable because a minimum order realization of H, must
be controllable and observable. Also, it is pointless to consider an H, which
corresponds to an uncontrollable or unobservable system.

Formally, compensation requires

(59) H, = H, 'H,.

10 Here the term factor means a non-constant factor.
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Therefore | H, | must not be identically zero. This is assured if B, and C
have rank p, . Expansion of (59) yields

ladj Hy] Ha _ hs [adj 3C5] 3Ca
60 -[Ia = =
( ) 1Hbl IGCI,I ha

Let the greatest common divisor of the numerator and denominator be g.
Then

(61) JCag = hy[adj 3C] 3Ca
and
(62) hag = h(l JCI)I

because 3C, and h, cannot have a common factor if S, is to be controllable
and observable.

From (57), (58), (61), and (62)

(63) 3¢ = hy3C, [adj 3Cs) 3Cag ™ = Ry | 30, | FCag
and
(64) h = hyhg | 3Cs | gw]'.

Since Iy, | 3¢, | g is the only factor common to both & and 3¢ (3¢, and hq do
not have common factors) its linear factors give all the modes which are
uncontrollable and unobservable in S. Suppose all unstable modes of S
are to be controllable and observable. Then all linear factors of hy | 3C |
which go to zero in the right-half s-plane must be included in g, or equiva-
lently as common factors of hq | 3C | and hy [adj 3¢] 3C4 . This happens only
if 1) ha includes the right-half-plane factors of ks, and 2) [ad] 3C) 3¢,
includes the right-half-plane factors of | 3¢ |.

Very often the constraints cannot be imposed as indicated. Consider the
example

(65) scb=[j ﬂ b = (s 4+1) (s — 1).

Both poles have rank one. Constraint 1) requires hqy to have the factor
(s — 1). Suppose 2) is to be satisfied with 3¢, diagonal. Then

. _ s —1|lhma O | _ Shig  —HRoza
(66) [adl 3] 4 = I:—l S] |: 0 K22d:| B [*Kud 8ﬁ22d:| )
Since | 3¢, | = (s — 1), each element of (66) must include the factor
(s — 1), which in this case means both fy;q and £ have the factor (s — 1).

But (s — 1) cannot be a common factor of 3¢; and h; . The same problem
also oceurs if R34 = fees = 0. As will be seen shortly, the difficulty can be
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resolved only by letting Hy have a pole of rank two at s = 1. This is the
same constraint which would result from procedures described in the
literature [9, 12]. It has not been noted previously that it may be relaxed
if H, is not diagonal, a fact which is of interest, since present design pro-
cedures are based on diagonalization of the open-loop transfer-function
matrix.

The above analyses cannot be extended readily when I, , H,, or Hy
have poles of rank greater than one, because then common factors in the
numerator and denominator of H,, I, , and H, do not necessarily imply
that the systems are uncontrollable or unobservable. Theorem 7 offers a
satisfactory alternative approach. System § is controllable and observable
if the order of S as determined from H = H, is equal to the order of S, plus
the order of S, . To simplify the application of this statement the following
assumptions are made: i) H,, H, , and Hg all have simple poles, ii) Hp has
poles of rank one, iii) S, and S, are controllable and observable, iv) H,,
is diagonal. Then S is controllable and observable if and only if

rank [lim (s — A)I1,] -+ rank [lim (s — N)H,] = rank [lim (s — N\) ],
(67) s>\ s->N 8->\
N= Nay y Nugay, Moy 0y Aagye

Define
(68) G=H"=1[n" gl

and let £; = 0 if h;yq is analytic at s = N\, £; = 1 if hy, has a simple pole at
s = A Using (59) and ii), (67) can be written as

rank [lim {(s — N)hiagi -+ (5 — N)hppaga}]

s>\

(69) £ — 1, N= Ao, ", My

&
>

{@, )\=’>\1a,"',>\nuaa >\5£>‘1’),"'7>\"bb‘

»
1

v

=1

Once the g; are computed, constraints on the h;q such that (69) is
satisfied are easily found. For example, with [, as defined by (65),

o o= 4] =]

Consider N = 1. Clearly, (69) holds only if £; = s = 1. Thus both A14 and
haeq have simple poles at s = 1. The same result is true at s = —1. Other
values of s = X\ which must be considered are those where H, (and also Hg)
has poles. Since for s ¢ =1, ¢ and ¢, are linearly independent, (69) will
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be satisfied automatically. If g, or g, had poles they would have to be
included as zeros of hya or s . As before, it is often sufficient to impose
the constraints only at N values which have positive real parts, letting
some stable modes be uncontrollable or unobservable. In this example,
the only active constraint would then be that hus and hea have simple
poles at s = 1.

Usually, the g; are analytic at s = Ay, -+, Ny . In fact with ii), a
necessary and sufficient condition for ana]yticity at s = Ay is that K and

vy

Z + Dy

J=Tipi Nb — 7\;1:

have columns which span the p-dimensional coordinate space. Further-
more, if G(s) is analytic at s = A then it can be shown that G(\s) is of

rank p — 1. Thus for A = N3 cquation (69) is satistied if hyg, 2 =1, -+, p
have simple poles at s = A . Many times, a considerably less severe con-
straint is sufficient. For example, if g1(Ax) = 0(g2, * -+, ¢gp are linearly

independent) only hiye requires a pole at s = Np. Or suppose gs(Np)
= kigi(Aa) + kaga(Aw) where k; and k. are arbitrary constants; then (69)
istrueif ;= 1,7 =1,2,3and {; = 0,2 =4, --- , p.

Tinally, consider an example where G/(s) is not analytic at s = Ny .

2 =(s=3)
71) H, — (s—=D(s+1) 2(s+4+1)
—(s=1) =—2-1)
(s+ 1) (s+1)
and
-1  —(s—=3)
(72) ¢ = (s + 3) (s +3)
—2(s—1)  —4s
(s4+3) (+3)(s—1)

Take A = 1. If {;, = £, = 1 (the usual constraint [9, 12]), (69) is not satis-
fied (S is not controllable and observable even if a multiple pole treatment
is considered) ; but it will be satisfied if £; = 1 and hgg has a zero at s = 1.
If stable modes are to be controllable and observable f; = f» = lat A = —1
and hiig and hgeg must have zeros at s = —3.

Though the above is a limited treatment, it does allow solution of many
compensation problems and indicates the complexity of the situation.
With obvious modifications the casc of post-compensation (H, fixed)
can be handled.
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8. Conclusion. From the foregoing it should be concluded that too great
an emphasis on operational methods (the transfer-function matrix) is un-
wise. Differential equations (1) arise naturally in relating the physical
properties of a system to its response characteristics, and any mathematical
procedure which neglects information contained in these equations should
be viewed skeptically.!t It is surprising that physical considerations have
not raised more doubts about the transfer-function representation earlier.
Certainly, the errors of underestimated order would not have occurred if
any effort had been made to relate the mathematical representation to the
physical world—for example, by means of system simulation.

Finally, it should be noted that the synthesis of a multivariable feedback
system is truly a formidable task. Unwieldy calculations, complex compen-
sation constraints, and difficulties in evaluating the effect of disturbance
inputs and parameter variations all complicate the search for satisfactory
design procedures. The results developed above should at least provide a
sound basis for this search.
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MATHEMATICAL DESCRIPTION OF LINEAR
DYNAMICAL SYSTEMS*

R. E. KALMANt

Abstract. There are two different ways of describing dynamical systems: (i) by
means of state variables and (ii) by input/output relations. The first method may be
regarded as an axiomatization of Newton’s laws of mechanics and is taken to be the
basie definition of a system.

It is then shown (in the linear case) that the input/output relations determine
only one part of a system, that which is completely observable and completely con-
trollable. Using the theory of controllability and observability, methods are given
for calculating irreducible realizations of a given impulse-response matrix. In par-
ticular, an explicit procedure is given to determine the minimal number of state
variables necessary to realize a given transfer-function matrix. Difficulties arising
from the use of reducible realizations are discussed briefly.

1. Introduction and summary. Recent developments in optimal control
system theory are based on vector differential equations as models of
physical systems. In the older literature on control theory, however, the
same systems are modeled by transfer functions (i.e., by the Laplace trans-
forms of the differential equations relating the inputs to the outputs). Two
different languages have arisen, both of which purport to talk about the
same problem. In the new approach, we talk about state variables, tran-
sition equations, ete., and make constant use of abstract linear algebra.
In the old approach, the key words are frequency response, pole-zero pat-
terns, ete., and the main mathematical tool is complex function theory.

Is there really a difference between the new and the old? Precisely what
are the relations between (lincar) vector differential equations and transfer-
functions? In the literature, this question is surrounded by confusion [1].
This is bad. Communication between research workers and engineers is
impeded. Important results of the “old theory” are not yet fully integrated
into the new theory.

In the writer’s view—which will be argued at length in this paper—the
difficulty is due to insufficient appreciation of the concept of a dynamical
system. Control theory is supposed to deal with physical systems, and not
merely with mathematical objects such as a differential equation or a trans-
fer function. We must therefore pay careful attention to the relationship
between physical systems and their representation via differential equations,
transfer functions, ete.

* Received by the editors July 7, 1962 and in revised form December 9, 1962.
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1962 at Cambridge, Massachusetts.
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To clear up these issues, we need first of all a precise, abstract definition
of a (physical) dynamical system. (See sections 2-3.) The axioms which
provide this definition are generalizations of the Newtonian world-view of
causality. They have been used for many years in the mathematical litera-
ture of dynamical systems. Just as Newtonian mechanics evolved from
differential equations, these axioms seek to abstract those properties of
differential equations which agree with the “facts” of classical physies. It is
hardly surprising that under special assumptions (finite-dimensional state
space, continuous time) the axioms turn out to be equivalent to a system of
ordinary differential equations. To avoid mathematical difficulties, we shall
restrict our attention to linear differential equations.

In section 4 we formulate the central problem of the paper:

Given an (experimentally observed) tmpulse response matriz, how can we
identify the linear dynamical system which generated it?

We propose to call any such system a realization of the given impulse re-
sponse. It is an irreducible realization if the dimension of its state space is
minimal.

Section 5 is a discussion of the ‘“canonical structure theorem’ [2, 14]
which describes abstractly the coupling between the external variables
(input and output) and the internal variables (state) of any linear dynami-
cal system. As an immediate consequence of this theorem, we find that «
linear dynamical system is an irreducible realization of an impulse-response
matriz if and only if the system is completely controllable and completely ob-
servable. This important result provides a link between the present paper and
earlier investigations in the theory of controllability and observability
[3-5].

Explicit criteria for complete controllability and complete observability
are reviewed in a convenient form in section 6.

Section 7 provides a constructive computational technique for deter-
mining the canonical structure of a constant linear dynamical system.

In section 8 we present, probably for the first time, a complete and rigor-
ous theory of how to define the state variables of a multi-input/multi-output
constant linear dynamical system described by its transfer-function matrix.
Since we are interested only in irreducible realizations, there is a certain
unique, well-defined number % of state variables which must be used. We
give a simple proof of a recent theorem of Gilbert [5] concerning the value
of n. We give canonical forms for irreducible realizations in simple cases.
We give a constructive procedure (with examples) for finding an irreducible
realization in the general case.

Many errors have been committed in the literature of system theory by
carelessly regarding transfer functions and systems as equivalent concepts.
A list of these has been collected in section 9.

The field of research outlined in this paper is still wide open, except



154 R. E. KALMAN

perbaps in the case of constant linear systems. Very little is known about
irreducible realizations of nonconstant linear systems. It is not clear what
additional properties—besides complete controllability and complete ob-
servability—are required to identify the stability type of a system from its
impulse response. Nothing is known about nonlinear problems in this con-
text.

Finally, the writer would like to acknowledge his indebtedness to Profes-
sor K. G. Gilbert, University of Michigan, whose work [5] predates this and

whose results were instrumental in establishing the canonical structure
theorem.

2. Axiomatic definition of a dynamical system. Macroscopic physical phe-
nomena are commonly described in terms of cause-and-effect relationships.
This is the “Principle of Causality”. The idea involved here is at least as
old as Newtonian mechanics. According to the latter, the motion of a
system of particles is fully determined for all future time by the present
positions and momenta of the particles and by the present and future forces
acting on the system. How the particles actually attained their present
positions and momenta is immaterial. Future forces can have no effect on
what happens at present.

In modern terminology, we say that the numbers which specify the
instantaneous position and momentum of each particle represent the state
of the system. The state is to be regarded always as an abstract quantity.
Intuitively speaking, the state is the minimal amount of information about
the past history of the system which suffices to predict the effect of the past
upon the future. Further, we say that the forces acting on the particles are
the inputs of the system. Any variable in the system which can be directly
observed is an output.

The preceding notions can be used to give a precise mathematical
definition of a dynamical system [6]. For the present purposes it will be con-
venient to state this definition in somewhat more general fashion [14].

Derinrrion 1. A dynamical system is a mathematical structure defined
by the following axioms:

(Dy) There is given a state space = and a set of values of time © at
which the behavior of the system is defined; 2 is a topological
space and O is an ordered topological space which is a subset of
the real numbers.

(Dy) There is given a topological space @ of functions of time de-
fined on O, which are the admissible inputs to the system.
(D3) For any initial time ¢ in ©, any initial state zo in Z, and any

input % in Q defined for { = %, the future states of the system
are determined by the transition functiong: 2 X ®@ X 6 X £ — =,
which is written as ¢.(¢; &, ) = z,. This function is defined
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only for ¢t = t,. Moreover, any ty < & < {, in 0, any 2, in Z, and
any fixed u in @ defined over [ty, ;] N O, the following relations
hold:

(Da-i) Sou(to ) to ) x(]) = To,
(Dy-it) eulle s fo, @) = eulle s b, eulti s ho, 20)).

In addition, the system must be nonanticipatory, ie., if w,
veQ andu =vont, 4] N O we have

(Dy-iid) eu(l; to, @) = @u(l; Lo, ).

(Dy) Every output of the system is a function ¢:0® X Z — reals.

(Ds) The functions ¢ and ¢ are continuous, with respect to the
topologies defined for 2, O, and @ and the induced product topolo-
gies.

In this paper we will study only a very special subclass of dynamical
systems: those which are real, finite-dimensional, continuous-time, and
linear.

“Real, finite-dimensional” means that £ = R" = n-dimensional real
linear space. “Continuous-time” means that ® = R' = set of real numbers.
“Linear” means that ¢ is linear on € X = and ¢ is linear on Z.

By requiring ¢ and ¢ to be sufficiently “‘smooth” functions, we can deduce
from the axioms a set of equations which characterize every real, finite-
dimensional, continuous-time, and linear dynamical system. The proof of
this fact is outside the scope of the present paper [14]. Here we shall simply
assume that every such system is governed by the equations

(2.1) j—f = F()z + G(O)u(d),
(2.2) y(t) = H(t)x(1),

defined on the whole real line — o < { < «, where z, u, and y are n, m,
and p-vectors™ respectively, and the matrices F(t), G(t), and H(t) are
continuous functions of the time ¢.

We call (2.1-2) the dynamical equations of the system.

It is instructive to check whether the axioms are satisfied. (D) is obvi-
ously true; we have = = R", ® = R'. The state of the system is the vector x.
To satisfy (D), we must specify the class of all inputs, that is, a subclass
of all vector functions u(t) = (ui(?), -+, un(t)). To define Q, we shall
assume that these functions are piecewise continuous; this is sufficiently

* Vectors will be denoted by small Roman letters, matrices by Roman capitals.
The components of a vector x are x; , components of a matrix 4 are a;; . On the other
hand, 2!, a2, --- , are vectors, and F44 FAB gre matrices. A’ is the transpose of 4.
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general for most applications. We have exactly p observations on the system
(the components of the vector y) and by (2.2) they are functions of ¢, z.
Hence (Dy) is satisfied. To check (D;), we recall that the general solution
of (2.1) is given by

(23)  eult;lo, 0) = @ = ®(L, to)ao + /tt ®(t, )G (r)u(r) dr,

where ®(t, r) is the transition matrix of the free differential equation de-
fined by F(t) [4, 7]t. Since (2.3) is valid for any ¢ = t, (in fact, also for
t < ty), ¢ is well defined. Property (D;-i) is obvious. (D;-ii) follows from the
composition property [4, 7] of the transition matrix:

(2.4) ®(1, o) = (1, 1)2(r, o),

which holds for every set of real numbers ¢, 7, . Indeed, (2.4) is simply
the linear version of (Ds-ii). (Ds-iii) is obvious from formula (2.3). The
continuity axiom (Dj) is satisfied by hypothesis.

Evidently ¢ given by (2.3) is linear on the cartesian product of = with
the linear space of vector-valued piecewise continuous functions.

We call a linear dynamical system (2.1-2) constant, periodic, or analytic
whenever F, (, and H are constant, periodic, or analytic in ¢.

It is often convenient to have a special name for the couple
(¢, z) | € ® X Z. Giving a fixed value of (¢, z) is equivalent to specifying
at some time (¢) the state (z) of the system. We shall call (¢, ) a phase
and ® X Z the phase space. (Recall the popular phrase: “phases” of the
Moon.)

To justify our claim—implicit in the above discussion—that equations
(2.1-2) are a good model of physical reality, we wish to point out that
these equations can be concretely simulated by a simple physical system:
a general-purpose analog computer. Indeed, the numbers (or functions)
constituting F, G, and H may be regarded as specifying the ‘“wiring dia-
gram’’ of the analog computer which simulates the system (2.1-2) (see, for
instance, [8]).

3. Equivalent dynamical systems. The state vector z must always be re-
garded as an abstract quantity. By definition, it cannot be directly meas-
ured. On the other hand, the inputs and outputs of the system (2.1-2) have
concrete physical meaning. Bearing this in mind, equations (2.1-2) admit
two interpretations:

(a) They express relations involving the abstract linear transformations
F(t), G(t), and H(1).

(b) At any fixed time, we take an arbitrary but fixed coordinate system

t Le., ® is a solution of d®/dt = F(t)®, subject to the initial condition ®(r, 7)
= ] = unit matrix for all 7.
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in the (abstract) vector space Z. Then the symbol z = (2;, ---, z,) is
interpreted as the numerical n-tuple consisting of the coérdinates of the
abstract state vector which is also denoted by z. F, G, and H are interpreted
as the matrix representations of the abstract linear transformations de-
noted by the same letters under (a).

To describe the behavior of a dynamical system in concrete terms, the
second point of view must be used. Then we must also ask ourselves the
question: To what extent does the deseription of a dynamical system de-
pend on the arbitrary choice of the coordinate system in the state space?
(No such arbitrariness oceurs in the definition of the numerical vectors wu,
y since the input and output variables u; and y; are concrete physical quanti-
ties.) This question gives rise to the next definition.

DEerintTION 2. Two linear dynamical systems (2.1-2), with state vectors
z, &, are algebraically equivalent whenever their numerical phase vectors are
related for all ¢ as

(3.1) (4, ) = (4, T(D)=),

where T'(f) is a n» X n matrix, nonsingular for all ¢ and continuously differ-
entiable in ¢{. In other words, there is a 1-1 differentiable correspondence
between the phase spaces ® X = and © X Z.

Remark: We could generalize this definition of equivalence to (I, %)
= (7(¢), T'(t)x) where 7 is an increasing function of ¢. But this involves
distortion of the time seale which is not permitted in Newtonian physies.

Algebraic equivalence implies the following relations between the de-
fining matrices of the two systems:

&, 7) = T(t)®(t, r)T”l(r),
F(t)y = T()T7(t) + T(OFW)T(1),
G(t) = T(HG(),
A = HO)T(0).

In general, algebraic equivalence does not preserve the stability proper-
ties of a dynamical system [7, 9, 10]. For this it is necessary and sufficient
to have topological equivalence: algebraic equivalence plus the condition

(3.3) [TW e and [T7°0) || < e,

I

(3.2)

I

where ¢; and ¢, are fixed constants, and || || is the euclidean norm™.
A nonconstant system may be algebraically and even topologically
equivalent to a constant system. The latter case is called by Markus [11]

* Let ©, =, and T have the usual topologies induced by the euclidean norm. Then
the product topologies induced on © X = and © X T are equivalent if and only if
(3.3) holds.
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“kinematic similarity”’. Moreover, two constant systems may be alge-
braically and topologically equivalent without 7'(f) being a constant. To
bypass these complications, we propose

DerinrrioN 3. Two constant linear dynamical systems are strictly equiva-
lent whenever their numerical phase vectors are related for all ¢ as (¢, )
= (i, Txz), where T is a nonsingular constant matrix.

Evidently strict equivalence implies topological equivalence.

4. The impulse-response matrix and its realization by a linear dynamical
system.

Sections 2-3 were concerned with mathematics, that is, abstract matters.
If we now take the point of view of physics, then a dynamical system must
be “defined” in terms of quantities which can be directly observed. IFor
linear dynamical systems, this is usually done in the following way.

We consider a system which is at rest at time ¢, ; i.e., one whose input and
outputs have been identically zero for all ¢ = t,. We apply at each input
in turn a very sharp and narrow pulse. Ideally, we would take ;" (t)
= §;,06(t — 1), where & is the Dirac delta function, §,; is the Kronecker
symbol, and 1 < 7,7 = m. We then observe the effect of each vector input
4 (t) on the outputs, which are denoted by w(t; 7). The matrix S(t, t)
= [s;5(t, to)] = [y:(¢; 7)) so obtained is called the tmpulse-response matriz of
the system. Since the system was at rest prior to ¢ = &, we must define
S(t, to) = 0fort < & . We also assume, of course, that S is continuous in
tand & for ¢t > ¢ .

With these conventions, the output of a linear system originally at rest is
related to its input by the well-known convolution integral:

(4.1) (1) = f S(t, Dulr) dr.

In much of the literature of system theory [12] (and also at times in
physics) formula (4.1) is the basic definition of a system. The [Fourier
transform of S is often called “‘the system function” [13, p. 92].

Unfortunately, this definition does not explain how to treat systems
which are not “initially at rest”. Hence we may ask, ‘“To what extent, if
any, are we justified in equating the physical definition (4.1) of a system
with the mathematical one provided by (2.1-2)?”

Suppose that the system in question is actually (2.1-2). Then (2.3) shows
that

S(t, 7)

H()®(#, 7)G(r), t=z=rT,
= 0, t < 7.

1 The right-hand side of the first equation (4.2) is defined also for ¢ < 7; then the
left-hand side may be regarded as the ‘“backward impulse response’’, whose physical
interpretation is left to the reader.

(4.2)
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Thus it is trivial to calculate the impulse-response matrix of a given
linear dynamical system. The converse question, however, is non trivial and
interesting. When and how does the impulse-response matriz determine the
dynamical equations of the system?

This problem is commonly called the identification of the system from its
impulse-response matrix.

Having been given an impulse-response matrix, suppose that we succeed
in finding matrices F, ¢, and H such that (4.2) holds. We have then identi-
fied a physical system that may have been the one which actually generated
the observed impulse-response matrix. We shall therefore call (2.12) a
realization of S(i, v). This terminology is justified because the axioms given
in section 2 are patterned after highly successful models of classical
macroscopic physics; in fact, the system defined by (2.1-2) can be con-
cretely realized, actually built, using standard analog-computer techniques
in existence today. In short, proceeding from the impulse-response matrix
to the dynamical equations we get closer to “physical reality’”’. But we are
also left with a problem: Which one of the (possibly very many) realiza-
tions of S(¢, 7) is the actual system that we are dealing with?

It is conceivable that certain aspects of a dynamical system cannot
ever be identified from knowledge of its impulse response, as our knowledge
of the physical world gained from experimental observation must always be
regarded as incomplete. Still, it seems sensible to ask how much of the
physical world can be determined from a given amount of experimental
data.

The first clear problem statement in this complex of ideas and the first
results appear to be due to the writer [2, 14].

First of all we note

TaEOREM 1. An impulse-response matriz S(t, ) 1s realizable by a finite-
dimensional dynamical system (2.1-2) if and only if there exisi continuous
matrices P(t) and Q(t) such that

(4.3) S, r) = P()Q(r) forall ¢t 7.

Proof. Necessity follows by writing the right-hand side of (4.2) as
H()®(¢, 0)®(0, 7)G(7), with the aid of (2.4). Sufficiency is equally obvi-
ous. We set F'(t) = 0, G(t) = Q(¢), and H(t) = P(t). Then ®(t, r) =1
and the desired result follows by (4.2).

A realization (2.1-2) of S(t, 7) is reducible if over some interval of time
there is a proper (i.e., lower-dimensional) subsystem of (2.1-2) which also
realizes S(Z, 7). As will be seen later, a realization of S (particularly the one
given in the previous paragraph) is often reducible.

An impulse-response matrix S is stationary whenever S(t, )
= S(t + o, 7 + o) for all real numbers ¢, r, and o. S is periodic whenever
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the preceding relation holds for all {, 7, and some o. An impulse-response
matrix is analytic whenever S is analytic in ¢ and =; if (4.3) holds, then P
and @ must be analytic in ¢.

The main result, whose proof will be discussed later, is the following [14]:

TurorEM 2. Hypothesis: The tmpulse-response mairiz S satisfies (4.3)
and s etther periodic (and continuous) or analytic.

Conclusions: (1) There exist irreducible realizations of S, all of which have
the same constant dimension n and are algebraically equivalent. (ii) If S is
pertodic [analytic] so are its irreducible realizations.

Topological equivalence cannot be claimed in general. It may happen
that S has one realization which is asymptotically stable and another
which is asymptotically unstable [15]. Hence it may be impossible to identify
the stability of a dynamical system from its impulse response! This surpris-
ing conclusion raises many interesting problems which are as yet unexplored
[15]. If S is not periodic or analytic, it may happen that the dimension n(z)
of an irreducible realization is constant only over finite time intervals.

In the stationary case, Theorem 2 can be improved [14].

TaEOREM 3. Every stationary impulse-response matrix S, r) = Wt — 7)
satisfying (4.3) has constant trreducible realizations. All such realizations are
strictly equivalent.

In view of this theorem, we may talk indifferently about a stationary
impulse-response matrix or the dynamical system which generates it—as
has long been the practice in system theory on intuitive grounds. But note
that we must require the realization to be irreducible. For nonconstant
systems, such a conclusion is at present not justified. The requirement of
irreducibility in Theorem 3 is essential; disregarding it can lead—and has
led—to serious errors in modeling dynamical systems. (See section 9.)

In many practical cases, it is not the weighting-function matrix W (¢t — )
(see Theorem 3) which is given, but its Laplace transform, the transfer-
function matrixz Z(s) = L[W(t)]. Then condition (4.3) has an interesting
equivalent form, which is often used as a ‘“working hypothesis” in en-
gineering texts:

TurorREM 4. A weighting-function matriz W (¢ — 1) satisfies (4.3) if and
only if its elements are linear combinations of terms of the type " (¢ = 0,
1, ---,n—1,7 =1, .-, n). Hence every element of the transfer-function
matriz 18 a ratio of polynomials n s such that the degree of the denominator
polynomial always exceeds the degree of the numerator polynomial.

This result is provedd in [14]. It implies that the realization of an impulse-
response matrix is equivalent to expressing the elements of F, ¢, and H
as functions of the coefficients of the numerator and denominator poly-
nomials of elements of Z(s). (See section 8.)

In the remainder of the paper, we wish to investigate two main problems
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arising in the theory sketched above:
(i) Explicit eriteria for reducibility.

(i1) Construction of irreducible realizations.

Remark. Elementary expositions of system theory often contain the state-
ment that the operator d/dt (=s) is a “system.” Is a it system in the
same sense as that word is used here? The answer is no. To define such a
system rigorously in accordance with the axioms introduced in section 2,
one must proceed as follows. The output of the system, which by definition
is the derivative of the input, is given by

(34) y) = 240 — 2,
so that at any fixed ¢, u(t) must be a point function of (z, z(t)). Therefore
the state space £ must include the space € of functions on which the opera-
tor d/dt is defined. It is simplest to let £ = Q. Then 2 is usually infinite
dimensional because @ is. Thus we define the state x = z(¢) as the function
u(7), defined for all 7 = ¢. The mapping ¢.(¢; & , 2,) assigns to the function
2y defined for 7 = ) the function «, , which is equal to z,, on = = ¢ and equal
touont <7 =i

In this paper, the finite dimensionality of 2 is used in an essential way,
which rules out consideration of the “system’ d/df in all but trivial cases.

B. Canonical structure of linear dynamical systems. The concept of ir-
reducibility can be understood most readily with the help of the writer’s
“canonical structure theorem” for linear dynamical systems [2, 14].

Before presenting and illustrating this central result, it is necessary to
recall some definitions and facts concerning the controllability and observ-
ability of linear dynamical systems.

DerFINITION 4. A linear dynamical system (2.1-2) is completely control-
lable at time &, if it is not algebraically equivalent, for all ¢ = t, to a
system of the type

(a) da'/dt = F*'(H)a' + F*()a" + G (H)u(t)
(5.1) (b)  da’/dt = F*(t)a’
(e) y(t) = H'(1)a'(8) + H*()2*().
(In (5.1), ' and 2* are vectors of ny and ny, = n — ny components respec-
tively.)
In other words, it is not possible to find a codrdinate system in which the
state variables z; are separated into two groups, &' = (z, - -+, 2,,) and

@’ = (Zn,41, -+, &), such that the second group is not affected either
by the first group or by the inputs to the system. If one could find such a
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coordinate system, we would have the state of affairs depicted schematically
in Fig. 1.

Clearly, controllability is a system property which is completely inde-
pendent of the way in which the outputs of the system are formed. It is a
property of the couple {F(t), G(¢)}.

The “dual” of controllability is observability, which depends only on
the outputs but not on the inputs.

DEFINITION 5. A linear dynamical system (2.1-2) is completely observable
at time ¢, if it is not algebraically equivalent, for all ¢ £ ¢, to any system
of the type

(a) de'/dt = F'(0)z'(t) 4+ G (H)u(t)
(5.2) (b) do’/dt = F*(0)2' (1) + F2()a" + GC(H)u(t)
(c) y(t) = H'(H)a'(1).

(Again, 2' is an my-vector and 2” is an (n — n;)-vector.)

In other words, it is not possible to find a codérdinate system in which
the state variables x; are separated into two groups, such that the second
group does not affect either the first group or the outputs of the system. If
such a coordinate system could be found, we would have the state of affairs
depicted in Fig. 2.

The above definitions show that controllability and observability are
preserved under algebraic equivalence. These properties are coordinate-
free, i.e., independent of the particular choice of basis in the state space.

The equivalence of the present definitions with other more abstract

I
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definitions of controllability may be found in [4]. As to observability,
we note that the duality relations

(a) t— o=ty — 1,

(b)  F(t—t) < F(th—1),
(6) Gt —t) & H (ty— 1),
(d)  H({—t) &Gt —1),

transform the system (5.2) into (5.1). Hence all theorems on controllability
can be “dualized” to yield analogous results on observability.

It can be shown that in applying definitions 4-5 to constant systems it is
immaterial whether we require algebraic or strict equivalence [14]. Hence—
as one would of course expect—for constant systems the notions of com-
plete controllability and complete observability do not depend on the
choice of ¢ .

ExampLe 1. A simple, well-known, and interesting case of a physical
system which is neither completely controllable nor completely observable
is the so-called constant-resistance network shown in Ifig. 3.

Let #; be the magnetic flux in the inductor and x, the electric charge on
the capacitor in Fig. 3, while u;(?) is a voltage source (zero short-circuit
resistance) and y,(¢) is the current into the network. The inductor and
capacitor in the network may be time-varying, but we assume—this is the
constant-resistance condition—that L(¢) and C'(t) are related by:

Lt)/C@) = R* =1  (L®), C(t) > 0).
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The differential equations of the network are

dw/dt = —[1/L(8)]x; + wi(t),
dzy/dt = —[1/C(t)]xs + wi(t),
n(t) = [L/L(t)]xy — [1/C(8) ]z + ui(2).

If we let
T = (21 + 22)/2,
Ty = (21 — 22)/2,
the dynamical equations become
dz/dt = —[1/L()]%; + w(t),
(5.4) dy/dt = —[1/L(t)|Z:,
yi(t) = 201/L())& + ui(t).”
Here the state variable & is controllable but not observable, while Z. is
observable but not controllable.
IFor obvious reasons, the subsystem (b) of (5.1) may be regarded as
(completely) uncontrollable, while subsystem (b) of (5.2) is (completely)

unobservable. In view of linearity, it is intuitively clear that it must be
possible to arrange the components of the state vector—referred to a

* Note that this equation does not correspond to (2.2) but to y(t) = H()x(t)
+ J()u(t). Thisis a minor point. In fact, Axiom (D,) may be generalized to: “(D,):
Every output is a function of ¢, z(¢), and w(¢).”” This entails only minor modifications
as far as the results and arguments of the present paper are concerned.
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suitable (possibly time-varying) codrdinate system-—into four mutally ex-
clusive parts, as follows:

Part (A): Completely controllable but unobservable.

Part (B): Completely controllable and completely observable.

Part (C): Uncontrollable and unobservable.

Part (D): Uncontrollable but completely observable.

The precise statement of this idea is [2, 14]:

TuroreM 5 (Canonical Structure Theorem). Consider a fixed linear dynamsi-
cal system (2.1-2).

(1) At every fized instant t of time, there is a coérdinate system in the state
space relative to which the components of the state vector can be decomposed
o four mutually exlusive parts

X = (xA’ xB’ xc’ xD))
which correspond to the scheme outlined above.
(ii) This decomposition can be achieved in many ways, but the number
of state variables na(t), -+, np(t) in each part is the same for any such
decompostition.

(iii) Relative to such a choice of coordinates, the system matrices have the
canonical form

R G R PR

ro=| 5 O L0, mal ],
0 0 0 FP2(1)
[ a(1)

o = “0 |,
| o

and
H() =[0 H*(t) 0 H°@)I.

In view of this theorem, we shall talk, somewhat loosely, about ‘“Parts
(A), -+, (D) of the system.” Thus the system (5.4) congists of Parts
(A4) and (D).

The canonical form of 7, G, and H can be easily remembered by reference
to the causal diagram shown on Fig. 4.

It is intuitively clear (and can be easily proved) that algebraically
equivalent systems have the same canonical structure.

Unfortunately, the coérdinate system necessary to display the canonical
form of F, G, and H will not be continuous in time unless n,(t), - -+ , np(¢)
are constants. If these dimension numbers vary, we cannot call the various
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parts of the canonical structure “subsystems.” For constant systems this
difficulty does not arise. More generally, we have:

TaEOREM 6. For a periodic or analytic linear dynamical system (2.1-2)
the dimension numbers na , - -+ , ny are constants, and the canonical decom-
position s conlinuous with respect to t.

An illustration of the canonical structure theorem is provided by

IExampLE 2. Consider the constant system defined by

-3 =3 0 1
F_| 26 36 -3 -2
| 380 39 -2 =27’
30 43 -3 =32
3 3
-2 -1
G = 0 o |’
0 1
and
H=[-5 -8 1 5].

We introduce new coérdinates
where

by letting & = T,

2 3 0 =2
7 1 1 0 -1
-2 =3 0 3 |’
-6 -9 1 6
and

0 3 1 0
1 1 -2 0 0
= 3 0 0 1
1 0 1 0

With respect to these new codrdinates the system matrices assume the
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canonical form:

2 4 1 -1
e o -1 0 1
F=TFT" =1y o _—3 —2f
o 0 o0 1
0 1
R
G=16=|s ol
0 0

and
H=HT"'"=0 1 0 1].

| On the other hand, if we define the new coordinates by

[ 3 4 0 -3
7 1 1 0 -1
" |l-5 —=7.5 0.5 6 |’
| —6 9 1 6
[0 3 1 —0.5]
1|1 =3 0 0
= 3 =3 0 1 ’
1 -1 1 —0.5]
then the system matrices become
2 1 1 0]
- 0o —-1 o0 1
F= o o0 -3 0}’
| 0 0 0 1]
[1 2
- 1 1
G 0o o0}’
|0 O

and
o=10 1 0 1].

The numerical values of these two canonical forms are different, yet
Theorem 5 is verified in both cases. In the second case the connections from
Part (D) to Parts (A) and (C) are missing. This is not a contradiction since
Theorem 5 does not require that all the indicated casual connections in
TIrig. 4 be actually present.

The transfer-function matrix of the system is easily found from the
canonical representation. The coordinate transformations affect only the
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internal (state) variables, but not the external (input and output) variables;
consequently the impulse response matrix is invariant under such trans-
formations. We get by inspection:

1 1
Z(S):[s+1 s+ 1]‘

It would be rather laborious to determine these transfer functions
directly from the signal-flow graph [16] corresponding to F, G, and H.

Examrre 3. A far less trivial illustration of the canonical decomposition
theorem is provided by the following dynamical system, which occurs in
the solution of a problem in the theory of statistical filtering [17]. Let 4 be
an arbitrary positive function of ¢ and define

T —t'/44 1 0
F=|-¢/24 0 1],

| —#/24 0 0

[1'/44
G=|¢/24],

| /24

and
H =10 1 0].

We introduce new state variables

z(t) = T(t)(),

where N
0 0 1
T =12 —t 01,
0 1 —¢
/2 1/2 t/2
() = |t 0 1.
1 0 0
Then

i /4Al— i /4,4‘— i /4A

| | 1 )
- [
|
|
1

F(t) = TWF@)T (1) — T17(t) = l{

<

G(t) = T)G(t) = ) 6 J
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and
H(t) = HW)T'(t) =[t|0]1].

Hence the system consists of Parts (B — D), with ng = ne = np = 1.
It is interesting that the canonical decomposition is of constant dimension,
even though the system may be neither periodic nor analytie.

The preceding examples illustrate special cases of a noteworthy general
relationship which exists between the canonical structure of a dynamical
system and irreducible realizations of an impulse-response matrix. The
main facts here are the following:

TuarorEM 7. (i) The impulse-response matrixz of a linear dynamical system
(2.1-2) depends solely on Part (B) of the system and is given explicitly by

(5.5) S(t, r) = H*(t)®""(¢, 1)G"(r),

where ®"" {s the transition matriz corresponding to F°°.

(i) Any two completely controllable and completely observable realizations
of S are algebraically equivalent.

(iii) A realization of S is irreducible if and only if at all times it consists
of Part (B) alone; thus every irreducible realization of S is completely con-
trollable and completely observable.

Proof. The first statement can be read off by inspection from Fig. 4.
The second statement is proved in [14]. The necessity of the third statement
follows from Theorem 5, while the sufficiency is implied by (ii).

It is clear that Theorem 2 is a consequence of Theorems 5-7.

We can now answer the question posed in section 4 in a definite way:

TurorEM 8 (Main Result). Knowledge of the impulse-response matrix
S(t, 7) identifies the completely controllable and completely observable part, and
this part alone, of the dynamical system which generated it. This part (“B”
in Theorem 5) s itself a dynamical system and has the smallest dimension
among all realizations of S. Moreover, this part is identified by S uniquely up
to algebraic equivalence.

Using different words, we may say that an impulse-response matrix is a
Jaithful representation of a dynamical system (2.1-2) if and only if the latter
is completely controllable and completely observable.

Remark. 1t is very interesting to compare this result with Theorem 4 of
K. F. Moore, in one of the early papers on finite automata [26]:

“The class of all machines which are indistinguishable from a given strongly
connected machine S by any single experiment has a unique (up to isomorphism)
member with a minimal number of states. This unique machine, called the re-
duced form of S, is strongly connected and has the property that any two of its
states are distinguishable.”

“Indistinguishable machines” in Moore’s terminology correspond in ours
to alternate realizations of the same input/output relation. “Strongly con-
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nected” in his terminology means completely controllable in ours. “In-
distinguishable states” in our terminology corresponds to states whose
difference, not zero, is an unobservable state in the sense of [3].

Evidently the two theorems are concerned with the same abstract facts,
each being stated in a different mathematical framework.

6. Explicit criteria for complete controllability and observability. The
canonical structure theorem is so far merely an abstract result, since we
have not yet given a constructive procedure for obtaining the coordinate
transformation which exhibits the system matrices in canonical form. We
shall do this in section 7. The method rests on the possibility of finding
explicit criteria for complete controllability and complete observability.
The following lemmas, proved in [4], play a central role:

LeMMA 1. na(ly) + ns(ty) = rank W(ty, t) for ti > to sufficiently large,
where

(6.1) Wty t) = f bl )G (DF (o, 7) dr
or
(6.2) AW /dty = F(t)W + WF (L) — G(to)G (o), W(t) = 0

LeEMMA 2. n.(t) + np(ty) = rank M (&, t1) for -1 < to sufficiently
small, where

to
(6.3) M(ty,tq) = f & (7, t0) H' () H(7)®(7, 1) dr
Ly
or
(6.4) —dM/dly = F'(to)M + MF(to) — H'(to)H (t), M(t-1) = 0.
For constant systems, the preceding lemmas can be considerably im-
proved [4]:
Lemma 3. For a constant system,
(6.5) na + ns = rank [G, FQG, -, F*'q).
Lemma 4. For a constant system,
(6.6) ne 4+ np = rank [H', F'H', - -, (F))""'H'].
TixaMpPLE 4. For F and @ defined in Example 2, the matrix (6.5) is
3 =3 =3
6 14 22
24 36 60|
8 12 20

3 3 -3 —3
—2 -1 6 8

(6:7) 0 3 12 18 1
0 1 4 6

B~ DN b W
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The rank of this matrix is 2, which checks with the fact that n, = 1 and
ng = 1 in Example 2.

The determination of the rank of (6.7), while elementary, is laborious.
Ifor practical purposes it might be better to compute W for instance, by
solving the differential equation (6.2).

In the constant case, there is another criterion of complete controllability
which is particularly useful in theoretical investigations. The most general
form of this theorem (which may be found in [14]) is complicated; we state
here a simplified version which is adequate for the present purposes:

Lumma 5. Hypothesis: The matriz F s similar to a diagonal matriz. In
olher words, there is a nonsingular coérdinate transformation T = Tx with
the property that in the new coordinate system F has the form

M, 0
F=TFT™" =

0 NI,

where 1,; is a ¢; X ¢q; unit matriz,
T

Z qgi = N,
1=1

and the matriz G has the form

G |} ¢ rows.
Conclusion: The system is completely controllable if and only if
(6.8) rank G = ¢, -+, rank G = ¢, .

We leave it to the reader to dualize this result to complete observability.

ExampLe 5. Consider the special case ¢ = --- = ¢, = 1 of Lemma 5.
The eigenvalues of I are then distinct. If condition (6.8) is satisfied, every
element of the one-column matrix G is nonzero; by a trivial transformation,
all of these elements can be made equal to 1, without affecting F. Thus we
can choose a coordinate system in which F, G have the representation:

MO
— : — 1
(6.9) I = . ()\1 = )\J=>7, = ]),G =|:

: 1
0
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This is the canonical form of Lur’e [18]. It is closely related to the partial-
fraction expansion of transfer functions. To illustrate this, consider the
1 X 1 transfer-function matrix:

s+2 6 + %) %

GFDE+3)s+4) s+1 " s+3 s+4°

This transfer function is realized by the system:

211(8) =

C—1 0 0
(6.10) F=| 0 =3 0l,
0 0 —4
1
(6.11) G=|1]1,
1
and
(6.12) H=[F 3 —3]

which is in the canonical form of Lur’e.

By Lemma, 5, (6.10-11) is completely controllable; by the dual of Lemma
5, (6.10-12) is completely observable.

We can double-check these facts by means of Lemmas 3-4. For (6.9)
the matrix (6.5) is

) D VIR VP N

D VD Ve Vi
(6.13) ,

1 )\n )\n2 st kzmlJ

where the A\, are the diagonal elements (= eigenvalues) of F in (6.9).
But the determinant of (6.13) is the well-known Vandermonde deter-
minant. The latter is nonzero if and only if all the \; are distinct, which is
what we have assumed.

7. Computation of the canonical structure. We show now how to deter-
mine explicitly the change of coérdinates which reduces F, G, H to the
canonical form. We consider only the constant case of (2.1-2). The com-
putations are elementary; it is not necessary to diagonalize the matrix F
or even to determine its eigenvalues.

The procedure is as follows:

(a) We compute the controllability matrix W = W (0, 1)* given by

* It can be shown [4, Theorem 10] that in the constant case one may choose any
ty > to in Lemma 1.
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(6.1); for instance, by solving the differential equation (6.2). Then we find
a nonsingular matrix 7' such that

' I
(7.1) TWT—E—[O 0]

where [», is the n; X n;, 0 = n; £ n, unit matrix and the 0’s are zero
matrices of appropriate size. Clearly ny = n4 + mp is the number of con-
trollable state variables.

The matrix 7' defines the change of cotrdinates

(7.2) z = Ti;
in terms of the new codrdinates, the system matrices are

(73) F =T7FT, 7=T"q, H=HT, W=E.

_1 11 12 1
(74) Z = [i{lr = [['0 gm],(i - [((’)] yand H

This decomposition is trivial (and therefore omitted) if n, = =, i.e., when
the system is completely controllable.
(b) Next we consider the two subsystems defined by

M G, and H;
F* 0, and H.

i

7 .

(7.5)

We compute the observability matrices M' = M'(0, 1) and M* = M*(0, 1)
given by (6.3) for both of these subsystems. Then we determine two non-
singular matrices U', U* such that

sy @ |00

(7.6) (UYMU =EFE —[0 Ina],

and

71) (O IO = B = [O 0 ]
0 I,

These results define another change of coérdinates

z - U o &
-[2]-e=[5 &) [E]

One or the other of these transformations is superfluous if ny = n; or
Ng = N — Ny .
After the coordinate changes (7.2) and (7.8), we obtain the following

=y



174 R. BE. KALMAN

matrices

FAA FABi FAC FAd

0 FBBl FBC FBd
|

N

0 0|7 p

0 0ol o r“

Clearly, np is the number of state variables which are both controllable
and observable. But, in general, ng < npand n, > ne .

(¢) It remains to transform the element F*° into 0, if this is not already
the case. (If F** = 0, then n, = n¢, na = np and (7.9) has the desired
canonical structure.)

We consider the subsystem

I(wBBE FyBc GB'
(710) F* =|-—————-- , G =|-—|, and H* =[H"]0]
0

The corresponding observability matrix given by (6.3) is
_ _ Ly A
M*0,1) = M* =| ——- e , (Q = @ nonnegative definite.)

(The upper left element of M* is I, in view of (7.9); all we know about the
other elements is their symmetry properties.) Letting

we find that
L, | 0
Fk N ik TR ~ ok
(V )M V = M = -—-—-~E__.,__ ,
1

where R = Q — A’A is a symmetric, nonnegative-definite matrix.
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Now let 7** be a nonsingular matrix such that

In3§ 0 0 ]
Vo AU Y st h v S
VEYMEVE=1 g i0 o |

00 I,

where n, = rank R. Let V = V*7** Since 7* and 7** are upper triangular
relative to the partitioning in (7.10), so is V, which will take 7* into the
upper triangular form

BB | pEC e
I
~ Y O ——

Lk
V V = O } IPCC PvCe
0 ] I(veC Fee

where n¢ = n. — n,. But these transformations decompose F* into a
completely observable and an unobservable part. Hence F*° = F*¢ = 0.
Moreover,

1

IV =[H"} O)V=[H | 0 H

TuroreM 9. The explicit transformation which takes the constant matrices
F, G, and H inlo the canonical form required by Theorem (5-iii) is given by
x — VU'T . We partition

IPAC — [IﬂAC FvAeJ’

1Cd.
.[{Wd — [;ed] .

Then we define np = na + n, and find
FAI) — [FAe FAd],

and partition

I{VBI) — [ﬁwBe FBd]
FCD — [FCe F(Jd]

Fee Iyed
I’YDD = [ 0 I:-ydd:l )
H” = [H* H.

8. Construction of irreducible realizations.
Now we give an explicit procedure for the construction of an irreducible
realization of a weighting-function matrix W (¢ — ). In view of Theorem 7,
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part (iil), we can do this in two stages:

(I) We construct a realization of W, then

(IT-A) we prove, using Lemmas 1-5, that the resultant system is com-
pletely controllable and completely observable, hence irreducible; or

(II-B) we carry out explicitly the canonical decomposition and remove
all parts other than (B).

Instead of the weighting-function matrix W, it is usually more con-
venient to deal with its Laplace transform Z.

Let us consider the problem with Method A in order of increasing diffi-
culty.

Case 1. m = p = 1. This is equivalent to the problem of simulating a
single transfer function on an analog computer. There are several well-
known solutions. They may be found in textbooks on classical servo-
mechanism theory or analog computation.

Without loss of generality (sec Theorem 4) we may consider transfer
functions of the form
as" + - +a  N(s)

@ N RS 70

where the a,, -+, @i ; by, -+, b, are real numbers. Of course, at least
one of the a; must be different from zero. We assume also that the numerator
N(s) and denominator D(s) of zi:(s) have no common roots.

There are two basic realizations of (8.1). See I'igs. 56, where the stand-
ard signal-flow-graph notation [16] is used. In either case, one verifies al-
most by inspection that the transfer functions relating y; to u; are indeed
given by 2 .

In Fig. 5, the system matrices are

0 1 0 0 0
0 0 1 0 0
(82) = : ,
0 0 0 0 1
_bl ""b2 _bii '—bn—l _bn
0
0
(8.3) G=|:1,
0
1
and

(84.) H = [0/1 42 .. Ap—1 (lnl.
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I'iGure 5.

In Fig. 6, the system matrices are

(8.5)

(8.6)

and

(8.7)

0
1
=10

0

H =10

0O -+ 0 —b

0 -+ 0 —b

0 0 - 1

It is very easy to check by means of (6.5) and (6.6) that the system
(8.2, 3) is completely controllable and (8.5, 7) is completely observable.

However, if we attempt to check the controllability of (8.5, 6) by means
of (6.5) we get a matrix whose elements are complicated products of the
coefficients of N (s) and D(s). To prove that the determinant of this matrix
does not vanish, we have only one fact at our disposal: the assumption that
N (s) and D(s) have no common roots. Guided by this observation, we find
that the following is true:

LeMmMmA 7. Suppose F has the form (8.5) and G has the form (8.6). Then (i)
we have the relatton

(8.8)

Kr,q) =[d

FG e Fn—-lGJ — N(I’Y),
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FiGure 6.

and (%) the polynomials N (s) and D(s) have no root tn common if and only of
det K(F, G) # 0.

The main fact to be proved is (ii), for then the complete controllability
of (8.5, 6) follows by Lemma 3. A straightforward way of establishing (ii)
is to transform the standard Kuler-Sylvester determinantal criterion
[19, p. 84] for the nonexistence of common roots of N(s) and D(s) (the
so-called resolvent of N(s) and D(s)) into the form (8.8). This can be
casily done, but the details are not very transparent. Therefore we prefer
to give another

Proof. Tet e;, ¢ = 1, ---, n, be the set of n-vectors in which the j-th
component of e; is §;; . Since F is given by (8.5), we see that e¢;1; = Fe;,
1 =n — 1, and K(F, e;) = [e1, ez, -, e,] = I. Hence K(F, ¢;) =
K(F,Fle,) = F7'K(F, e;) = F', when 1 £ ¢ < n. Then (8.8) follows
by linearity.

Let \JA],2 = 1, - -+, n denote the eigenvalues (not necessarily distinct)
of a square matrix 4. Then

det K7, G) = JIMN (] = [TV O,

where the second equality follows from (8.8) by a well-known identity in
matrix theory. Thus det K(F, G) = 0 if and only if N(A\J[F]) = 0 for some
7; that is, when an eigenvalue of F is a root of N()). Since the eigenvalues
of F are roots of D()\), this proves (ii).*

It is interesting that (8.8) provides a new representation for the re-
solvent, which is preferable in some respects to the Euler-Sylvester deter-
minant. The latter is a 2n X 2n determinant, whereas det K (F, @) isn X n.

The complete observability of (8.2, 4) is proved similarly.

The systems given by (8.2—4) and (8.5-7) are duals of one another in

* The present proof of Lemma 6 was suggested by Drs. John C. Stuelpnagel and
W. M. Wonham of RIAS.
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the sense defined by (5.3). Fig. 6 is a reflection of Fig. 5 about the vertical
axis, with all arrows reversed.

A third type of realization in common use is obtained from the partial-
fraction expansion of z;(s) (see Example 5). Note, however, that this
requires factorization of the denominator of z;;(s), whereas the preceding
realizations can be written down by inspection, using only the coefficients
of 211(8) .

These considerations may be summarized as the following result, which
is a highly useful fact in control theory:

TureoreM 10. Consider a linear constant dynamical system with m = p = 1,
which 1s completely controllable and completely observable. Then one may
always choose a basis in the state space so that F, G, H have the form (8.2-4) or
(with respect to a different basis) (8.5-7).

Proof. Let (8.1) be the transfer-function matrix of the given dynamical
system. By Theorem 8, the given system is an irreducible realization of
(8.1). So are the systems specified by (8.2-4) and (8.5-7). By Theorem
(7-i), all three systems are algebraically equivalent and by constancy
(Theorem 3) they are even strictly equivalent.

Extensions of this theorem may be found in [14]. For an interesting
application to the construction of Lyapunov functions, see [25].

The procedure described here may be generalized to the non-constant
case. Assuming the factorization (4.3) of S({, r) is known (with
m = p = 1), Batkov [20] shows how to determine the coefficients of the
differential equation

d"y/dt" + ba ()" /At 4 - 4 bty
= a,()d" M ur/dt" T 4 o+ a(t)uy .
Laning and Battin [21, p. 191-2] show how one converts (8.9) into a sys-
tem of first-order differential equations (2.1) with variable coefficients.
We shall leave to the reader the proof of the irreducibility of the realization
so obtained.

Case2-a. m = 1, p > 1. We have a single-input/multi-output system.
We can realize Z(s), without factoring the denominators of its transfer
functions, by the following generalization of the procedure given by Fig. 5
and (8.2-4).

First, we find the smallest common denominator of the elements of Z(s).
(This can be done, of course, without factorization.) Z(s) assumes the form

1 alnsn_l_l- +aujl

(8.9)

Z(s) =

. —
s® + b, s 1 4+ + b amsn—l_l_”._i_%l

Then the following dynamical system provides an irreducible realization
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of Z(s): F and G are as in (8.2-3), while H given by (8.4) is generalized to

(£3%] e Qi

a’pl “ e apn

Complete controllability is trivial; complete observability is established
by a straightforward generalization of Lemma 6.

In this case we form p linear functions of the state, rather than merely
one as in Fig. 5.

Case2-b. m > 1, p = 1. We can realize this multi-input/single-output
system analogously to Case 2-a by generalizing the procedure given by
Tig. 6 and (8.5-8.7). Let us write the elements of Z(s) in terms of their
smallest common denominator:

Z(q)-_—l: am s+ o ay anms""l-}-..._‘_alm]
B o e e A A T

Then the desired irreducible realization consists of F and H as defined
by (8.5-6), while

(2451 te A1im

(1251 tte QAnm,

This case is the dual of Case 2-a.

Even in Case 2, it is impractical to give a general formula which ex-
presses the coefficients of F, (¢, and H in terms of the coefficients of the
transfer functions in Z(s) if the denominators are not all the same. When
we pass to the general case, determination of F, G, and H often requires
extensive numerical computation.

Case 8. m, p arbitrary. Here Method (A) is very complicated if any
transfer function in Z(s) has multiple poles [14]. In most practical applica-
tions, however, such complications are of no interest. Ruling them out,
E. G. Gilbert gave an elegant and relatively simple solution [5].

Let s;, -+, s, be distinet complex numbers corresponding to the poles
of all the elements of Z(s). Assume that all poles are simple. Then

R(]C) = lim (S - Sk)Z(S), k = ], e q
S>S8p
is the k-th residue matrix of Z(s). If s, =3, then R(s;) = R(s), where the

bar denotes the complex conjugate. In terms of the residue matrices, the
weighting-function matrix W (¢) corresponding to Z(s) has the explicit form

W) = £7Z(s)] = kZ:R(k)e“’”‘".

We have then:
Tarorem 11. (Gilbert). Hypotheses: No element of the transfer-function
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matriz Z(s) has multiple poles. Z(s) has a total of q distinct poles s, , - - -

y Su s
with corresponding residue matrices R(1), ---, R{q).
Conclusions: (1) The dimension of irreducible realizations of Z(s) 1is
q
(8.11) n = Y. ry,wherer, = rank R(k).
k=1
(i1) Write
(8.12) R(k) = H(E)G(k), k=1,---,q,

where H (k) s a p X i matriz and G(k) is an r;, X m matriz, both of rank r;, .
Then Z(s) has the irreducible realization

81 Irk 0
(8.13) I = . , (I, = r X r unit matriz),
0 8¢ I,
G(1)
G(q)
and
(8.15) H=[HQ1) - H(Ql.

Proof. This is one of the main results in [5]. With the aid of machinery
developed here, we can give a shorter (though more abstract) demonstra-
tion. The factorization (8.12) is well known in linear algebra. We give in the
Appendix various explicit formulae (which are easily machine-computable)
for G(k) and H (k). Applying Lemma 5 shows that the dynamical system
defined by (8.13-15) is completely controllable and completely observable.
Hence it is irreducible, which implies formula (8.11). By clementary changes
of variables, (8.13-15) can be transformed into matrices which have only
real elements.

A serious disadvantage of Method (A), as expressed by Theorem 11,
is that the denominators of the transfer functions in Z(s) must be factored
in order to determine the poles. This is not easily done numerically. More-
over, the residue matrices R(k) corresponding to complex poles are com-
plex, which makes the factorization (8.11) more complicated (see
Appendix).

Now we turn to Method (B). This method does not require computation
of eigenvalues, and it is not bothered by multiple poles. This is a decided
advantage in numerical calculations. On the other hand, the method is not
convenient for simple illustrative examples. Nor is it possible to display the
elements of F, G, and H as simple functions of the coefficients in z;;(s).



182 R. E. KALMAN

An easy way of realizing Z(s) (without guaranteeing irreducibility) is
the following. Let a; be the number of distinct poles (counting each pole
with its maximum multiplicity) in the ¢-th row of Z(s), and let 8; be the
number of poles in the 7-th column. Then the maximum number 7, of
state variables required to realize Z(s) by repeatedly using the scheme
given under Case 2-a or 2-b is

mm{}:a“ iﬂj}.

As before, we can determine the «; and 8; without factoring the transfer
functions of Z(s). There is in general no simple way in this method to de-
termine the dimension n < m, of irreducible realizations without performing
the computations outlined in Section 7.
The two methods are best compared via an example. This example must
be of fairly high order, since we wish to provide accurate numerical checks.
ExampLe 6. Consider the transfer-function matrix

r 3(s4+3)(s+5) 6(s+1L 23+7 2s+5 b
(s+1D(s+2)(s+4) (s+2)(s+4) (s+3)(s+4) (s+2)(s+3)
Z(s) = 2 1 2(s—5) 8(s+2)
o= (s+3)(s+6) +3)  GHDGE+2D643) (s+1)(s+3)(s+5)
2(*+7s+18) 2 1 2(5s2+27s+34)
L (s+1)(s+3)(s+5) (s+1)(s+3) (s+3) (s+1)(s+3)(s+5) -

Applying Method (A) first, we find that the residue matrices are:

8 0 0 O
R(1)=|0 0 4 1|; r=3.
(3 1 0 3
—45 3 0 1
R(2) =] 0 0 —6 0f; rn=2
0 0 0 0
0 0 1 1
R(3) = 1 1 2 2|; rn=2
| -3 -3 1 1
—05 9 1 0
R(4)=| 0 0 0 Of; rmn=1
| 0 0 0 O
T 0 0 0 0
R(5)=|—-1 0 0 —=3|; nrn=1
| 2 0 0 6

Thusn = 9.
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Employing the procedure given in the Appendix, we find the following
factors for matrices R(k) (the products are accurate up to four places beyond
the decimal point):

8.0000 0.0000 0.0000
H(1) =]0.0000 4.1231 0.0000 |,

3.0000 0.7276 3.0774

0.0000 0.0000 09701  0.2425

1.0000 0.0000  0.0000  0.0000
G(1) = ;
0.0000 0.3249 —0.2294 0.9175

5.5000 0.0000
H(2) ={0.0000 6.0000 {,

0.0000  0.0000

)

a(2) =[—0.8182 —0.5455  0.0000 0.1818]

0.0000 0.0000  —1.0000 0.0000
13416 04472
H(3) =[3.1305 —04472 |,

0.0000 4.4721

)

G(3) = 0.2236 02236  0.6708 0.6708
) —0.6708 —0.6708 0.2236 0.2236

79.0692

H(4) = |0.0000 |, G(4) = [—00551 09924 01103 0.0000];
| 0.0000

[ 0.0000

H(5) = | —3.1623 |,  G(5) = [0.3162 00000 0.0000 0.9487].
| 6.3246

Using these numerical results, we find that the dynamical equations of the
irreducible realization are given by

g

1 0 0 0 00 0 0 O
010 0 00 0 0O
0 010 00 0 0O
00 0 2 0 0 0 0 O
F=1{0 0 0 0 2 0 0 0 01},
00 000 3 0 00O
0 00000 3 00
0O 0 0000 0 4 0
|0 0 0 0 0 0 0 0 5]
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[ 1.0000 0.0000 0.0000  0.0000
0.0000 0.0000 09701  0.2425
0.0000 03240 —0.2294 0.9175
—0.8182 —0.5455  0.0000 0.1818
G = 0.0000 0.0000  —1.0000 0.0000
0.2236 0.2236 0.6708  0.6708
—06708  0.6708 0.2236  0.2236
—0.0551  0.9924 0.1103  0.0000
| 0.3162 0.0000 0.0000  0.9487 |

[8.0000 0.0000 0.0000 5.5000 0.0000 1.3416 0.4472  9.0692 0.0000}

H =1 0.0000 41231 0.0000 0.0000 6.0000 3.1305 —0.4472 0.0000 —3.1623
3.0000 0.7276 3.0774 0.0000 0.0000 0.0000 4.4721  0.0000 6.3246
Now we apply Method (B). IMirst of all we note that a; = ay = 4, a3 = 3,
while 81 = 5, B: = B3 = 4 (see p. 181). Hence it is best to choose for the
preliminary realization three structures of the type discussed under Case
2-b. This will require ny = p(ar + a2 + a3) = 11 dimensions.
Next, we find the least common denominator of the rows of Z(s). See
Fig. 7.

R ;
5(s2 + 11> + 395 + 45) G(s” + 56° + 7o + 3) 280 + 138° 4 25 4 1k

: 267 + 1557 + 335 + 20
s+ 1087 + 3567 + 508 + 2

T B 5
+ §is” 4+ 6ls + %0

2(s) = 2(52 + 35 4 2) o2+ 87 17s + 10 ?(52 + 108 + 25) §_(s2 + e + 4
s+ 1ls” .

__2(s? + 75 +18) =20 + 58) 46345 2(5s% + 275 + 3h)
515 + 952 4 238 -+ 15 cen

Fraure 7.

The desired realization of Z(s) can bhe read off by inspection from I'ig.
7, using (8.5) and (8.6):

0.0 0 —24 !
1.0 0 =50 !
01 0 —35 0 .0
00 1 —10] i
|
S O IO
0 0 0 —30
F o (1.0 0 —61 | ,
0 10 1 0 —41 | 0
00 1 —11 ]
e | e e e e e —
|
| 00 —15
0 | 0 10 —-23
. | o1 -9 ]




LINEAR DYNAMICAL SYSTEMS 185

135 18 14 207]
117 42 25 33
33 30 13 15
3 6 2 2
4 10 50 32
G=| 6 17 20 32|,
2 8 2 8

0 1 0 0

36 0 5 68

14 —10 6 54

| 2 -2 1 10|

and
0001 O0O0O0O0O0O0UO0VDO0

H={0 0 0 00001000

000O0O0OO0OOOOO01

By virtue of its construction, this system is completely observable but
we cannot tell by inspection whether or not it is completely controllable.
(From the results obtained above with Method (A), we know that the sys-
tem is not completely controllable since 11 = ny > n = 9.) Therefore the
canonical decomposition may contain Parts (B) and (D).

To see what the dimensions of these parts are, we compute numerically
the decomposition of the system into completely controllable and uncon-
trollable parts according to the method described in Section 8. These cal-
culations involve only the matrices F and G, but the resulting transforma-
tions must be applied also to the matrix H.

-0.3346  0.1182 0.01% -0.0299  0.0097 -0.0001 -0.0663 -0.0113 0.0000 i 0.0000 0.833h
0.2455 -0.2025 -0.0115 0.0268 -0.0101 0.0000 0.073% 0.0120 0.0001? 0.0000 0.7189
-0.8333 -0.3850 -0.1025 1.0535 -0.2230 -0.0005 -0.9998 0.0237 .0.0120‘l 21.5463  -9.9631
-0.29%3 0.203%2 0.0361 0.0022 -0.0610 -0.004% 0.1773 =0.0569 0.015’;3 - 1.6475 0.8726

-0.8896 0.8321 0.1838 0.4999 -0.4287 -0.0275 1.1199  0.002k4 0.0089:-1.1882 2.5562

>
n

0.2477  1.2097  2.04%9 =0.3777 -0.9685 -0.4965 -0.4046 0.3%57 0.0199 :-%2.2221 ~73.0068
-0,1%8  0.0429 0.0009 -0.0321 0.0315 0.0016 =0.3252 =0.0152 .0.00101 0.0000 0.4698
11634 -0.0290  0.1114  1.1645 -0.4233 -0.0196 0.4057 -0.0480 -0.00140:-25.8717 - 2,1911
-0.2787 -0.6854 2,460k 2.460k -1.5802 -0.2801 0.8992 0.8863 -0.26n9"-710.5771 ~32.0706

0.0000  0.0000 0.0000 0.0000 0.0000 0.0000 0.0000 0.0000 0.0000 y = 0.5772 - 0.0003

0.0000  0.0000 0.0000 0.0000 0.0000 0.0000 0.0000 0.0000 0.0000 ‘ - 0.0401 - 0.2993%

FiGure 8.
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_1.2012 -0.7886 -0.3459 -0. 5523
1.6822 0.60%  0.3594  0.4745
-1.7962  0.8640 2.5387 -1.7927
-0.1683 -0.2420 2.2981 0.40%
-0.0663 0.9596  1.4137 2.73W4k
= 1.0412  1l.2734 1.5800 -2.9382 x 10

Q>

-0.1117 -0.7%46 -0.0977 1.5554
1.3130 -2.8589 1.9252 -0.498
-2.8756 -1.7637 0.9281 -2.5137

0.0000 0.0000 0.0000 0.0000

0.0000 0.0000  0.0000 O.OOOOJ

-0.2928  0.4076 0.0160 -0.0373 0.01k1 0.0000 -0.0981 -0.0167 -0.0001 ! 0.0000  1.0000

H = |-0.0286 0.0023 -0.0116 -0.0169 0.0373 0.0022 -0.0830 -0.0033 -0.0007 ;’ 1.0000  0.0000
]

-0.0599 0.2173 0.0161 0.0354 -0.0603 -0.00% 0.673 0.0178 0.0024 ; 0.0000  0.0000

Ficure 9.

The final results may be seen in Figs. 89, which give the matrices F, G’,
and A. Elements in the lower left-hand corner of F should be exactly zero.
In fact, they are zero to at least the number of digits indicated in Fig. 8.

To check the accuracy of these two irreducible realizations of the transfer
funetion matrix on p. 181, we have computed the corresponding weighting-
function matrices W® (¢) and W®(t). The equality W () = W®(t)
was found to be correct to at least four significant digits.

9. Other applications to system theory. The literature of system theory
contains many instances of errors, incomplete or misleading solutions of
problems, etc., which can be traced to a lack of understanding of the issues
discussed in this paper. This section presents some cases of this known to the
writer; other examples may be found in the paper of Gilbert [5].

Analog computers. According to Theorem 8, a linear dynamical system
(2.1-2) is a “faithful” realization of an impulse-response matrix if and only
if it is irreducible. Suppose the dynamical equations (2.1-2) are programmed
on an analog computer. (See [8].) Then it is clear from Theorem 8 that the
computer will simulate the impulse-response matrix correctly if and only if a
mintmal number of inlegrators are used. Otherwise the system programmed
on the analog computer will have, besides Part (B), at least one of the
Parts (A), (C), or (D). Since the impulse-response matrix determines
Part (B), and that alone, the nature of the redundant parts will depend not
on the impulse-response matrix but on the particular method used to ob-
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tain the dynamical equations. It should be borne in mind that the canonical
decomposition is an abstract thing; usually it is not possible to identify the
redundant integrators without a change of variables.

The writer is not aware of any book or paper on analog computation
where this is explicitly pointed out. But the facts of life seem to be well
known (intuitively) to practitioners of the analog art.

That redundancy in the number of integrators used can cause positive
harm is quite clear from the canonical structure theorem.

ExampLi 7. Let the simulated system consist of Parts (A) and (B) and
suppose that Part (A) is unstable. Because of noise in the computer, Part (A)
will be subject to perturbations; they will be magnified more and more,
because of the instability. As long as assumptions of linearity hold exactly,
the unstable (A) component of the state vector will not be noticed, but
soon the computer will cease to function because its linear range will be
exceeded.

Lur’e canonical form. In his book on the Lur’e problem, Letov implies
[18; equation (2.4) and (2.23)] that every vector system

(9.1) dx/dt = Fx + g-o (o = scalar)
can be reduced to the canonical form
(92) dﬁ?z/dt: )\i,'lii-l—a', 1= 1,,n

whenever the eigenvalues \; of F are distinct. Since (9.2) is completely
controllable, this assertion, if true, would imply that (9.1) is also com-
pletely controllable, which is false. In fact, the system defined by

[\ 0] 1
(9.3) F = , g =

[0 [ 1]
is obviously not equivalent to

[\ 0] 1]
(9.4) F = , g =

[0 u] [ 0

whenever N # pu.

In examining the derivation originally given by Lur’e for his canonical
form [27; Chapter 1, §2-3], it is clear that the last step before equation (3.5)
is valid if and only if det [Hx(\,)] O (in the notation of Lur’e [27].) It is
easy to show that this condition is equivalent to complete controllability,
whenever the eigenvalues of F' are distinct. Unfortunately, the condition
det [Hr(\p)] 5% 0 was not emphasized explicitly by Lur’e [28] in the original
publications.

We may thus conclude that when F has distinct eigenvalues and there is a
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single control variable, the Lur’e-Letov canonical form exists if and only if the
pair {F, g} is completely controllable.

It is interesting to note that (9.3) can be transformed into (9.4) when
A = u; in other words, when the eigenvalues are not distinet the Lur’e
canonical form may exist even if the system is not completely controllable.

Cancellations in the transfer-function. When a mathematical model is de-
rived from physical principles, the equations of the system are in or near
the form (2.1-2). Regrettably, it has become widespread practice in system
engineering to dispense with differential equations and to replace them
by transfer functions Z(s). Later, Z(s) must be converted back into the
form (2.1-2) for purposes of analog computation. In the process of algebraic
manipulations, some transfer functions may have (exactly or very nearly)
common factors in the numerator and denominator, which are then can-
celed. This is an indication that a part of the dynamics of the system is not
represented by the transfer function.

Such cancellations are the basic idea of some elementary design methods
in control theory. These methods do not bring the system under better
control but merely “decouple” some of the undesirable dynamics. But then
the closed-loop transfer function is no longer a faithful representation of the
(closed-loop) dynamics. Stability difficulties may arise. Similar criticisms
may be leveled against the large, but superficial, literature on ‘“noninteract-
ing”” control system design.

ExampLE 8. Consider the system defined by the matrices

0 1 0 0
(9.5) F=|5 0 2|, G=1|0|{, H=[-2 1 0L
-2 0 -2 0.5
The transfer function relating y; to u; is the sum of two terms:
yis) _ g uals) | 2als)
u1(s) wi(8)  w(8)
2 s
(96) __s“—l—2s“’-—5s—~6+s3+282——58——6
(s —2) 1

TEFEDE - +3) G+ DG+

Thus, by cancellation, the transfer function is reduced from the third to
the second order. The system has an unstable “natural mode” (correspond-
ing to s; = 2) about which the transfer functions gives no information.
Using (6.5) we see that the system (9.5) is completely controllable.
By Theorem 5, the system cannot be completely observable: ny = 2 from
(9.6) and Case 1, section 8. The canonical structure consists of Parts (A)
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and (B). In canonical codrdinates the system matrices can be taken as

-1 o0 o It
F=|0 -30| @G=|1|, =[5 —05 o0l
0 0 2 1

We can easily calculate the change of codrdinates
=Tz

by the method of partial fractions discussed in [8]. First we find 7", then 7.
The results are

N 2 -1 1 2
7! = 3% 5 =9 4 | T={3 —1 2
Lo 6 —1 8 4 2

Loss of controllability and observability due to sampling. Consider a single-
input/single-output constant linear system. Suppose the output is observed
only at the instants ¢ = kT (k = integer, T > 0), and that the input is
constant over the intervals k7T = ¢ < (k -+ 1)7. This situation is commonly
called “sampling”’; it arises when a digital computer is used in control or
data processing. T is the sampling period. We can regard such a setup as a
discrete-time dynamical system. We define here ® (Axiom (D;)) as the
set of integers and replace (2.1) by a difference equation. All theorems carry
over to this situation with small modifications.

The analysis of discrete-time systems by conventional techniques requires
the computation of the so-called z-transform of Z(s) [22]. The analysis
using z-transforms then proceeds in close analogy with analysis based
on Laplace transforms.

A constant linear system which is completely controllable and completely
observable will retain these properties even after the introduction of sam-
pling if and only if [4]

(9.7) Re s; = Res; implies Im (s; — s;) 5% qn/T

where 7, j = 1, - -+, n and ¢ = positive integer.

If this condition is violated (the sampling process “resonates” with the
system dynamics) then cancellations will take place in the z-transform.
The z-transform will then no longer afford a faithful representation of the
system, so that if (9.7) ¢s violated, results based on formal manipulation of
z-transforms may be invalid.

This point is not at all clear in the literature. True, Barker [23] has drawn
attention to a related phenomenon and called it ‘“hidden oscillation.”
The textbooks, however, dismiss the problem without providing real insight
[22, §5-3; 24, §2.13].
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A practical difficulty arises from the fact that near the ‘“resonance”
point given by (9.7) it is hard to identify the dynamical equations ac-
curately from the z-transform. Small numerical errors in the computation

of the z-transform may have a large effect on the parameters of the dynami-
cal equations.
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APPENDIX

Factorization of rectangular matrices. Given an arbitrary, real, p X m
matrix R of rank ¢ £ min (m, p). We wish to find a p X ¢ matrix H and
a ¢ X m matrix G, both of rank g, such that B = HG. The existence of
H and @ follows almost immediately {rom the definition of rank. We de-
seribe below a constructive procedure for determining A and G numerically
from numerical values of E.

Let p < m. Form the p X p matrix S = RR'.

As is well known, there exists a nonsingular matrix 7' such that

(A-1) TRR'T = TST' = E,

where precisely ¢ diagonal elements of £ are 1, all other elements are 0.
T can be calculated by steps similar to the gaussian elimination procedure.
Compute the generalized inverse R¥ (in the sense of Penrose [4]) of R.
R is an m X p matrix.
Using the properties of R¥ ([4]) we obtain

(A-2) R = RR*R = RR'R¥ = SR¥ = T7'ETVR¥ = (T"'E)(T'E)'R¥.

Now T7'E is a matrix which contains precisely p — ¢ zero columns. De-
leting these columns, we obtain a p X ¢ matrix (T '/)° = H. Similarly,
deleting p — ¢ zero rows from (7'E YRY = (R*T"'E)" we obtainam X ¢
matrix ¢ = (R*I'E)%. Evidently R = HG. Since the ranks of H and G
are obviously less than or equal to ¢, both ranks must be exactly ¢ for other-
wise rank B < g, contrary to hypothesis.

Alternately, let 7', U be nonsingular matrices such that

TRU = E;
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then
(A-3) R = (TT'E)EU ™)

is the desired decomposition. However, the computation of (A-3) may
require more steps than that of (A-2).

Suppose now that R is complex. Then S = RR' = RR* = A + iBis
complex hermitian; it corresponds to the 2rn X 2n nonnegative matrix

A B
(A S [ }
—B A

where A = A" and B = —B'. In fact, if z = 2 + 4y, the hermitian form
2*RR*z (which is real-valued) is equal to the quadratic form

A Bllzx
= )
—B A]ly

As is well known, there exists a nonsingular complex matrix T such that
TST* = B.If T = U + 4V, it follows further that

U v A BI[U =V E 0
—v ull=-B allv v 0 E|

Hence the determination of the complex n X 7 matrix has been reduced
to the determination of a real 2p X 2p matrix. Similar remarks apply to
the calculation of R*. Thus the problem of factoring complex p X m matrices
can be embedded in the problem of factoring real 2p X 2m matrices.
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Abstract. A feedback control scheme is deseribed that maximizes a terminal quan-
tity while satisfying specified terminal conditions, in the presence of small disturb-
ances. The scheme can also be used in a rapidly converging computation technique
to find exact solutions to the nonlinear two-point boundary value problems occurring
in the calculus of variations. The scheme is based on a linear perturbation from a
nominal optimum path and, as such, involves the second variation of the calculus
of variations. A simple analytical example is given for thrust direction control to
place a vehicle in orbit. Numerical examples of both the control scheme and the
optimization technique are given for a lifting vehicle re-entering the earth’s at-
mosphere at parabolic speed.

1. Introduction. The necessary conditions for the control program of a
nonlinear system to maximize a terminal quantity while satisfying speci-
fied initial and terminal conditions were set forth in [1]. Numerical com-
putation schemes for determining such extremal control programs were
described in [1, 2, and 3]. These control programs are open-loop programs;
even slight changes in the initial or final conditions require a new compu-
tation of the entire control program. In this paper small changes in the
initial and/or final eonditions from nominal values are considered which,
it is assumed, require only small changes in the control program to preserve
optimality. Using the second variation, this results in a linear feedback
control scheme or a linear interpolation computation scheme, very similar
to the one proposed in [1]. In fact, the second variation provides a quadratic
approximation to the terminal quantity being maximized and the differen-
tial equations describing perturbations about the nominal optimum path
are linear with time-varying coefficients. Such linear systems with quad-
ratic performance indices have been treated extensively in recent years [see,
for example, 4 and 5]. An interesting feature of the present scheme is that
the weighting matrices in the quadratic performance index are determined
as second partial derivatives of the variational Hamiltonian and the termi-
nal quantity being optimized, evaluated on the nominal optimum path
(see Appendix A).

The control scheme and the optimization technique can be extended to

* Received by the editors March 22, 1962 and revised February 14, 1963.
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include inequality constraints on the control and/or state variables based
on the work in [6].

Admittedly, many of the operations involved in obtaining the results in
section 3 are purely formal; however, with care, it is believed that these
steps are justifiable with the assumptions made. IFFurthermore, these
methods have been extensively tested on a number of practical problems.

During the period from submission of the paper to revision for publica-
tion, Kelley [7] has presented similar results for the control problem.

2. A neighboring optimum control scheme. The control scheme proposed
is identical in form to the one proposed in [5]. The only difference lies in
the determination of the matrix of time-varying gains (A-matrix) used
to multiply the state variable error vector to produce the control variable
deviation vector.

Let the differential equations describing the system be

(2.1) d: = f(x) u’ t)’

where z is a column vector of n state variables, f is a column vector of n
known functions, u isa column vector of m control variables, ¢ is the inde-
pendent variable (often time), and () = d( )/ dt.

A set of initial conditions x(f) and a set of control variable programs
u(t) usually specify a path uniquely. We assume that a set of nominal
control variable programs u*(¢) has been determined that maximizes a
terminal quantity

(22) J = ¢[x(tf)’ tf]’
and yields the specified values of certain other terminal quantities
(2.3) vl (ts), t]

where ¢ is a column vector of ¢ known functions (¢ = n — 1), and ¢; is
the terminal value of the independent variable. Note that ¢; may be speci-
fied explicitly or implicitly in (2.3) or it may be the quantity being maxi-
mized (or minimized) (2.2).

We consider small deviations from this nominal optimum path which
might be caused by disturbances, and/or small changes in the terminal
values, dy; . Let the deviations of the state variables be

(2.4) sx(t) = x(t) — x*(t),

where ( )* indicates values along the nominal path and unstarred quantities
indicate values observed along the actual path (the observed values will
often be estimates based on smoothing the observations up to the present

time). We shall call éx the “error vector.” We wish to determine small
deviations from the nominal optimum control program

(2.5) du(t) = u(t) — u*(t)
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Fia. 1. Block diagram of neighboring optimum terminal control scheme with dis-
crete-time error detection at time ¢, k = 0, 1, 2, --- . Output of error detector is
constant between sampling times. (Note connection missing from A, to multiplier.)

so that the revised terminal conditions (2.3) are met and ¢ in (2.2) is
still maximized when the initial values of the state variables differ from
the nominal values of the state variables by éx(¢). It will be assumed in
this paper that the nominal optimum control history is continuous and not
adjacent to any bound on the controls. It will be shown that a matrix
A(t , t) can be pre-calculated so that the control scheme

mmq

2.6 ou(t) = —A(L, ¢

(26) w®) = —atu, 0| o)

yields the desired “neighboring optimum” control program for # = ¢
< tr41 - Here ¢ denotes the k-th sampling time when the error vector is de-
termined. This scheme is shown in a flow chart in Fig. 1 for discrete-time
error detection and in Fig. 2 for continuous error detection.

3. Derivation of the feedback gain matrices. The differential equations
satisfied by an optimum trajectory are [1]

(3.1) &= f(z,ut),
(32) \ = —%)Tx,
and

(3.3) 0= (gi;)x
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Fic. 2. Block diagram of neighboring optimum terminal control scheme with
continuous error detection.
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and ()" indicates matrix transpose. The initial conditions are:

(3.4)

x(ty) = 2.

The terminal conditions for extremalizing ¢lx(t,), ¢;] with the ¢ terminal

constraints are:

(3.5)
(3.6)
and

(3.7

Yl (), 4] = ¥/,

_ (2
)\(tf) = <(")$ + v 6x>t=¢, 5

T d¢ T Y
(”"‘ ot T a‘t‘)z
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o,

o)

)

and » is a column vector of ¢ constants. Equations (3.4)—(3.7) represent
n 4 ¢ |+ n» 4 1 conditions respectively for the 2n-th order differential
equation system (3.1) and (3.2) and the ¢ + 1 unknowns » and ¢, .
Consider a perturbation of this optimal trajectory caused by a perturba-
tion in the initial and/or final conditions (3.4) and (3.5):

(3.8)
(3.9)

(3.10)
(3.11)

(3.12)

(3.13) {

and

e

(3.14)

where

o°H o°H
— = ——— 6
(5 )~ o T ou
i) H o'H i) H
e TN =
(6)\)+ 5 0T +66>\ A = rye ou,
O*H O°H O'H
guis ** T oun ™ T Taur M
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o | D -
+ [ * i (dt)] dt’} ey 0

= \'f = variational Hamiltonian,
= ¢+,
- QQ 30)
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(-

Now (3.10) can be solved for du provided 9°H/du’ is nonsingular:
OH\'[ 8°'H O°H ]
1! - _(2H) | 9K LN
(3.15) ou (am) [auax o+ Guan

If (3.15) is substituted into (3.8) and (3.9), we have 2n coupled first
order differential equations in éx and o\:

and

(3.16) Ji[ax}—[cs(t), —C" () fLan ]’
where

o = S S (Y

! N0z ONOw \9u2 ) ouox’

O*H (°H\' o*H

G = = (W) dudN’

and
_ 9H | &°H aZH>‘1 O°H
Gl = =52 suau (a‘u— duds”

Equations (3.11)—(3.14) represent n + ¢ + n + 1 conditions respectively
for the 2n-th order differential equation system (3.16) and the ¢ 4 1
unknowns dv and dt; . We shall regard (3.11)-(3.16) as linear equations,
i.e., the coefficients are to be evaluated along the nominal optimum path
determined by (3.1)-(3.7). Equations (3.12)—(3.14) are ¢ +n + 1
equations in the 2n + ¢ + 1 unknowns 6z (¢;), oA (t;), dv, dt; . If we assume
that the constraints (3.12) are linearly independent and that the trans-
versality condition (3.14) is linearly independent of (3.12) and (3.13),
then there are only » independent quantities among the 2n 4 ¢ + 1
unknowns. In fact, if the ¢ quantities dv and n — ¢ of the quantities éx
are specified, the remaining n + ¢ 4+ 1 quantities are determined, i.e.

[BN1, =+, 0Nn, 621, - -+, 82y, dis]i=s, are linear functions of du,
where
d,u,T = [dvi, -+ dvg, 841, * - Bx"]‘=tf'

We now find n + ¢ solutions to (3.16) with dx(¢;) and 6A(¢;) determined
by setting each one of the n components of du and the ¢ components of



OPTIMIZATION AND CONTROL 199

dy’ equal to unity with the other components zero. Let us call these solu-
tions X (¢, t;) where

(3 17) [5x(t)] — [Xxu(t), X,,p(t):": dl-"‘|

i an(t) Xou(t), Xou(t) JLdy |
A necessary condition for the existence of neighboring extremal paths is
that X,,(¢) be non-singular over the entire interval &, < ¢ < {; (see
[8]). If, at any point ¢ = ., X,.(t.) is singular, this is called a ‘“conjugate
point” in the literature of the calculus of variations [see, for example,

[8]). Assuming non-singularity, (3.17) can be inverted at ¢t = ¢, to give du
in terms of 8z () and dy’:

Substituting (3.18) into (3.17) we obtain

8x()] [ Xau(t), Xap(8) ][ Xow(to)oxo — Xiop (o) Xy (o) dip
s [0 ]= et ol |

Since the control deviations depend on éz and 6\ from (3.15), it follows
from (3.19) that the control deviations are determined by éx(f) and

dy’
(3.20)

- o]
where

2 -1 2 2
Al(t)=(aH> [6HX +6HXM],

dur dudx =™ T Juan
OPH\ [ o°H o'H
As(t) = (zm—) [m Xey + guan X |

Az(to) = [Xr,u(tﬂ)]—l:
A4(t0) = th//(tO)'

4. Sampled data or continuous data. Now, any time & < t;, k = 1,
2, - -+, may be considered as an ‘‘initial” time as well as & . If the error
vector ox is estimated at ¢ = #;, the modification of the nominal control
program, du(t), is determined for #, < ¢ = ¢;. If no further disturbances
oceur, this modified control program will bring the system to the terminal
point with the desired values of dy’ and an extremal value of ¢. Since

further disturbances undoubtedly will occur, several sampling times i,
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ti, 8, -+, may be used (see Fig. 1). Alternatively, 6z may be estimated
continuously (see Fig. 2), in which case

sult) = — [As(1), A1) [5;”%]

where

As

If

Ai(t) Ax(2),
Ag = As(t) - Al(t>A2(t)A4(t>'

Revisions in the terminal conditions dy’(¢) may be estimated continuously
in order to accomplish a desired objective.

5. Comparison with other control schemes. All terminal control schemes
based on linearization about an optimal nominal path, which lead to satis-
fying the terminal constraints, produce the same change in the terminal
quantity being maximized fo first order in 82’ and dy’'. The first order
terms do not depend on the control law and are simply the predictions of
first order variational theory.

The present control scheme is the best one to second order in 6z° and dy’
(see Appendix A).

6. A neighboring-optimum optimization technique. The numerical
solution of the nonlinear two-point boundary value problem (3.1)—(3.7)
is often far from trivial. A direct method was presented in [1] and steepest
ascent methods were presented in [2, 3]. The control scheme developed in
the previous sections is very similar to the direct method of [1]. There,
(3.1)-(3.3) were integrated numerically with initial conditions (3.4)
and estimated values of A(4); the terminal conditions (3.5)—(3.7) were,
in general, not satisfied, so the estimated values of A(4,) were changed by
small amounts, one at a time, and (3.1)—(3.3) were integrated n times to
determine the effects on the terminal conditions; then a multiple linear
interpolation was made to find the correct values of A(Z) to satisfy the
desired terminal conditions. The difficulty with this technique seems to be
that the linear interpolation is often inadequate if the trial solution misses
the terminal conditions by a substantial amount—in fact, severe instabil-
ities arise quite easily! A simple modification of this procedure seems to
cure the instabilities and yields a rapidly convergent computation scheme;
if the trial solution misses the terminal conditions by substantial amounts,
do not try to correct it in one step—instead, correct the solution in several
small steps, each of which brings the terminal conditions closer to the de-
sired values. Iach step determines a neighboring optimal path to the pre-

! The authors are indebted to Richard E. Kopp for this observation in November
1961.
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vious path, staying sufficiently close to the previous path that the linear
interpolation is not stretched beyond the limits of its validity.

Instead of changing the estimated values of the components of \(f)
by small amounts one at a time and integrating (3.1)~(3.3) n times, it
may take less computer time and be more accurate to use the perturba-
tion equations (3.16) and integrate them right along with the trial solu-
tion, evaluating the coefficients C1(t), C:(t), and C3(¢) on the way. It is
necessary to find n solutions to the perturbation equations (3.16) with
dx(ty) = 0 and each of the n quantities d\(#) equal to unity with the other
components zero. Let us call these solutions Y (¢) where

ox(t) Y.(0)1
(6.1) [;m] = [Y @] N(t).

If ¢, is not given explicitly, some criterion for stopping the integration
must be chosen, e.g., when yi[z(t), ¢ reaches the desired value y,”. This
determines a nominal value for ¢, .

In general ¢, - -, ¢, will not have the desired values at this nominal
value of ¢, . I'rom the first ¢ equations of (3.6), nominal values for » may
be found. I'rom the remaining n — ¢ equations of (8.6) and the single

equation (3.7), find values for 2,41, -+, 2,, and ®(t;), where
¢ 7 O .
. l: — — —_— 3 v/': — 1’ LY
(6.2) ()\ e v aou)t:z, Zis 1= q+ ;N
. ¢] i .
(6.3) (x TS ‘”) = (1))
(')t t=ty

For a solution to the two-point boundary value problem (3.1)-(3.7),
not only must ylz(t;), (¢,)] = ¢’ but also z = &(t;) = 0. If these con-
ditions are not met, incorrect values for A(#) must have been estimated.
To obtain an improved set of values for \(#), substitute (6.1) into the
perturbation boundary conditions at ¢ = ¢, , namely (3.12)—(3.14):

% Dy
ax Ya) 0, Dt _‘

EX o\ oH | D ’
e T R a1l
oH oy oH | D (o®
(6.4) f o+ ( + m%) Ye, (6t> ' o T m(a) =iy
e
cidy | = d2
L’itIJ LM’J
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where dz is an n vector whose first ¢ components are zero. The values of
dy’, dz, and d® are chosen as some fraction of the desired change in the
terminal conditions, and the matrix (6.4) is inverted to find 8\°. These
are the changes in A({;) necessary to change the terminal conditions by
the specified amounts. A new forward trajectory is then run with the im-
proved estimates of A(f) and the process is repeated until z = &(t;) = 0
and Ylz(t,), t;] = ¢/

Alternatively, the solution may be approached by integrating the equa-
tions backwards from ¢ = ¢, to ¢ = &, with the correct terminal conditions
Y’, and estimated values for the n unknown quantities » and g1, - -,
Z, . Using the perturbation equations (3.16) with the n unit solutions
X, and X», of (3.17), improved values for u* = v, -+, vq, Tgt1,

-, ] can be determined in terms of desired changes in the initial condi-
tions by (38.18) with dy/ = 0.

The choice of forward or backward integration will depend on the prob-
lem; if the terminal conditions are extremely sensitive to variations in the
initial conditions and not vice-versa, more rapid convergence will be at-
tained by integrating backwards. Such is the case, for instance, in re-entry
problems.

It is often very difficult to get the first trial solution in new problems
where little previous experience is available. In this case steepest ascent
methods may have to be used to obtain beginning estimates of the missing
boundary conditions.

The present methods have a great advantage over steepest descent
methods in that no part of the solution has to be placed in memory storage.

7. An analytical example of the control scheme—thrust direction con-
trol for ascent into orbit. Using the approximation of constant gravitational
force, we consider the problem of thrust direction control to place a rocket
vehicle at a given altitude at a given time with zero vertical velocity and
maximum horizontal velocity. The terminal range is not specified. Con-
sidering the rocket vehicle as a point mass (see Fig. 3) the equations of
motion (neglecting air resistance) are:

(7.1) » =asing — g,
(7.2) % = a cos B,
(7.3) g =n,

and

(7.4) X =u

Il

where v = vertical velocity, u horizontal velocity, y = altitude, x
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FLIGHT PATH
a /
—e

e

| o

| Xf —*

Fra. 3. Geometry and nomenclature of ascent into orbit example problem

= range, a = thrust acceleration, ¢ = gravitational acceleration, and B
= thrust direction angle. The initial conditions will be taken as

(7.5) v(0) = u(0) = y(0) = z(0) = 0.

The first part of the problem is to find 8(¢) to maximize u; = u({;) with
v(t;) =0

(7.6) yr = y(ty)

. specified.
t; = final time

This is done in Appendix B, and the results are:

(7.7 B(t) = tan"l{tan Bo — (tan By — tan ;) t_t}
s

where By and B, are the initial and final values of 8 determined by ¥, and

t; through the two simultaneous transcendental equations:

(7.8) sec By — sec By = % (tan By — tan 8;),

Yr  _ 1
at?/2  (tan Bop — tan B;)?

{tan Bs sec By — tan Bg sec Bo

(7.9) + 2 sec Bo(tan By — tan B;) — log tan Bo 4 sec Bo}

tan B; + sec_@
— % (tan B, — tan B,)°.

A typical optimal path is shown in Fig. 4, for the case in which a/g = 3

B
and a2 .258.
The second part of the problem is to determine the feedback gains for
neighboring-optimum terminal control. Consider the wvariation of the
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1.0 T T o
/;<r~ 10
7 8 Mo \
ALTITUDE :
/
J_ 5 t.e
yf s :
4
.2
0 1 1 1
0 5 1.0 1.5 2.0 2.5 3.0
RANGE —*-
yf

Fia. 4. Optimal ascent trajectory for a/g = 3, ys/3ast? = 258
optimum program of (7.7):

(7.10) sec’ B(36) = dh., + (1 - ti> dx,
s
where
Ny = tan By, A, = tan By — tan 8; = Nt/ .
From (7.1) and (7.3)

(7.11) Zt (8v) = a cos B(8B),

d ,
(7.12) i (8y) = év.

Substituting (7.10) into (7.11) we must solve the two simultaneous dif-
ferential equations (7.11) and (7.12) with boundary conditions & = &y
= 0 at t = t;. This can be done in closed form, due to the simplicity of
the problem, and the result is

ov

(7.13) aty =|:A11(t), Am(t)j":d)t”}
by An(t), Axn(t) | di,
atﬂ

where

Mm=%@mm—mm,

—sec 3 ;
Ap(t) = Ty{[l — cos (B — 6/)]»
mm>=%§U—mmw—mn
tan B, 4 sec B,]

An(t) = (X1~)§ [sec B sec By(sin 8 — sin B;) + log — L L 277 NS
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Next we must invert the expression (7.13):

|
dN, Ay, —A at;
(714) 5l _ 22 12 f ’

Ay —An, Aun | _%J
B ]) atﬁ

where D = A As — ApAy and substitute this relation into the control
law (7.10):

[Am(tlc), "/‘12(lk)_l [%@]
(7.15) 5ﬁ(t,tk)=COSZB*(t)[l,]_—%:I !

l ~An(t), Au(mJ [BZ%)J
i D)

where t; is the sampling time (i.e., the most recent time when év(¢,) and
8y (1) were measured) and ¢ is the present time. Note 8%(¢) is the program
of 8 on the nominal path. The data that must be stored to implement the
feedback control scheme for discrete-time error detection are:

7)*(i/c), ?/*(t/c),

(716)  Au(t)  An(t)  Au(t) An(tk)i
D) > D) > D@’ D)

and g% at sufficiently frequent intervals to permit interpolation of a con-
tinuous function B*(t).

Fig. 5 shows the data necessary to provide neighboring-optimum termi-
nal control for the example of Fig. 4 using discrete-time error detection at
five sampling times during the flight (at ¢/t; = 0, .2, .4, .6, and .8).

Fig. 6 shows part of the data necessary to provide neighboring-optimum
terminal control for the example of Fig. 4 using continuous error detection.
Also needed would be the nominal time histories »*(¢), ¥*(t), and 8*(t).
All these data and the data of Fig. 6 would have to be stored at sufficiently
frequent intervals to permit interpolation of continuous functions.

at the predetermined
sampling times  ,

8. A numerical example of the control scheme—atmospheric re-entry
at parabolic speed. Here the control scheme was applied to the problem of
guiding a lifting re-entry vehicle to horizontal flight at an altitude of 250,-
290 ft. while maximizing the terminal velocity (minimizing the energy
loss in the pull-up maneuver). The control problem was assumed to begin
when the vehicle had descended to an altitude of 400,000 ft., at which
time the velocity was assumed to be close to 36,000 ft. sec.” and the flight
path angle close to —7.5° (nomenclature is shown in Iig. 7).
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r~ - - *
3B (t,t,)= [C|(t).02(t)] [K“(tk)'}(lz(fk) BV (1) §5:€ 5*
K2|(tk)'K22(tk) Off sy = y— y *
Sy (fk)
| o142
3 ¥*
Pae| Ku | Kiz | Kai | K2z|Vate [Yatg2
0 |5.56|-11.6|-19.3]-309] 0 | ©
.2 |5.25[-1551-20.6]-45.3[.097 [.0110
4 |5.24]-238|-251|-816[.173 [0382
.6 [6.22]-49.2|-428]-230][.199 | 0767
.8 [6.01[-153]|-130[-1420[.142[.1i75
1.0 [ | ] J 60°
8 |- — 40°
Cy
& s c,(t) " — 20
c B (t)
2 *
B(t)
4 — — 0
Calt)
2 — - "20
0 | L | | -40
0 2 4 .6 8 1.0
t
t

Fia. 5. Feedback gain programs for discrete-time error detection in example prob-
lem for a/g = 3, ys/3at? = .258.



400

200

100

40

20

SB(t)=Kl(t)§‘Lt(_.”+Ka(t)_8Y(_”
ats

atg2

Tt

Fia. 6. Feedback gain programs for continuous error detection in example prob-

lem for a/g = 3, ys/%ats? = .258.
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LIFT
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Fia. 7. Geometry and nomenclature of atmospheric re-entry example problemn

The wing loading of the vehicle, mgy/S, was taken as 61.3 1b. ft.”% The
1956 ARDC standard atmosphere model was used. The lift-drag charac-
teristics of the vehicle are shown in 1'ig. 8. The nonlinear equations of
motion are given in Appendix C. The state variable histories for the nomi-
nal optimum path (initial velocity exactly 36,000 ft. sec.™, initial flight
path angle exactly —7.5°) are given in I'ig. 9. The maximum terminal
velocity for this path is 27,841 ft. sec.™

The control variable in this problem is the angle-of-attack, «(t). Since
range (distance along the earth’s surface) at the terminal point was not
specified and does not appear in the equations of motion, it will not appear
in the feedback relation for da. The feedback gains for continuous error
detection were called K;, K., and K; where

(81) da = K15V + K25’Y + K35h

These gains were computed and are tabulated in lig. 9 for every ten
seconds on the nominal 238 second flight. Note that the gains in this
particular problem are positive at the beginning of the flight and then go
to negative values. Near the end point the control scheme concentrates on
meeting the terminal constraints, i.e., the gains K2 and K3 tend to large
negative values, whereas K1 tends to zero.
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DRAG COEFFICIENT (Cp)
Fic. 8. Lift-drag polar for re-entry vehicle
Time o v o h Kx10° K Kgx104
De De e
Sec Deg  Tt/Sec Deg Tt Ft/Sec _D'e-g -f"‘Eg
0 31.69 36,000 =750 400,000 «383 115 «296
10 31454 36,039 ~T7+04 354,424 o342 «359 «R52
20 31433 36,074 -6457 311,695 295 2602 199
30 31.03 36,087  ~6,08 271,897 «236 o377 <163
40 30647 35,939 =5e41 235,623 «165 #0968 o248
50 29,06 35,258 -4e13 205,466 084, =512 «480
60 25027 33’807 "’1 089 186’ 828 -0034 -2.01 0459
70 16,73 32,267 55 183,215 ~e293 5462 ~1e34
80 3e51 31,335 1481 190,418 -7 =1361 =5472
90 ~7.58 30,772 1092 200,829 ~1.96 —2242 ~13.0
100  =14.01 30,331 1.65 210,381 =~3e71 ~31e1 =17.7
110 =17,78 29,969 1436 218,268 ~/e37 =40e3 =217
120 =20.,28 29,669 111 224,661 ~5e74% =50e6 -25.7
130 =22,14 29,418 92 229,86/, ~7,20 =624 ~29.9
140 =23,63 29,202 .76 23/,136 ~3e72 =75.2 ~34e9
150  =R24.91 29,013 NIA 237,672 ~10.3 =90,7 ~41eR
160  -26,06 28,843 53 240,615 =119 =109 =494
170 =27.10 28,689 W45 243,007  ~13.4 =132 ~61,1
180 -28,07 28,545 37 245,101 =149 ~162 =791
190 =28.97 28,411 «30 26,768 ~1643 =204 =109
200 =29,80 28,282 24 248,101 =17.7 -265 -167
210 =30,57 28,159 «18 249,117 ~18.8 =374 =302
220  =31.25 28,038 11 249,823 ~19,9 =502 =746
230 =31.61 27,918 «05 250,213 ~20.,7 =1490 =440
238 =31.65 27,841 o] 250,290 0 ~-oo )

bot = K 8V + Kxb1 + Kz6h

Fia. 9. Nominal optimum trajectory and feedback gain programs for continuous
error detection in atmospheric re-entry control problem.

209
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To test the control scheme, perturbations in the initial flight path angle,
dv(t,), and initial velocity, 8V (¢)), were introduced. The perturbation in
angle-of-attack was obtained from (8.1) and used in the nonlinear dif-
ferential equations (in place of the “system” in Fig. 1). The integration was
stopped when ¥ = 0 for the second time. The errors in final altitude are
shown in Figs. 10 and 11 plotted against initial flight path angle and initial
velocity; within a final altitude error limit of 500 ft., these results indicate
an acceptable re-entry corridor of approximately 1.5 degrees in initial
flight path angle and 2000 ft. sec.™ in initial velocity, using only one nomi-
nal optimum trajectory as a reference trajectory. In Fig. 10, note that the
control scheme works better for dy(4) < 0 than for éy(%) > 0; this is
due, at least in part, to the fact that the final time is greater than the nomi-
nal final time when &y (¢) > 0, resulting in very large values of the gains,
and hence | da |, toward the end of the flight. An arbitrary limit of | « | <
45° was introduced to handle this situation; a more satisfactory arrange-
ment might be to “stretch out” the gain histories to fill the predicted time
of ﬂlght, tf — o + dt/ .

As well as controlling v(¢,) and h(i;), the control scheme is also supposed
to maximize final velocity, V(¢;). How well this aspect was accomplished

ERROR IN TERMINAL
ALTITUDE ~ Ah (1) ~FT.

eoo{
NOTE:y(t¢) =0 DEG.
600
400
200
0 | | T
-6.5 -7.5 -85

INITIAL FLIGHT PATH ANGLE ~ ¥ (t,) ~DEG

F1a. 10. Error in terminal altitude versus initial flight angle for atmospheric
re-entry control problem.
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ERROR IN TERMINAL
ALTITUDE~A (t¢) FT.

400-
NOTE !y (t,)=0 DEG.

300+

100

1 1 Ll
35,000 36,000 37,000
INITIAL VELOCITY~V (t,)~FT / SEC.

F1g. 11. Error in terminal altitude versus initial velocity for atmospheric re-entry
control problem.

is shown in IFigs. 12 and 13 where the final velocity is plotted against initial
flight path angle, y(%), and initial velocity, V(t); the exact maximum
velocity is also shown in these figures for comparison. The exact maximum
final velocity curves were obtained by the optimization technique de-
seribed in the next section. Again, note that the control scheme works
better for dy(t) < 0 than for dy(&) > 0. In fact, for dy(é) < O the dif-
ference between the ‘“exact” maximum final velocity and the controlled
final velocity was so small that the two curves in Fig. 12 are indistinguish-
able. The same thing is true for 6V (#) < 0 in Iig. 13.

9. A numerical example of the optimization technique—atmospheric
re-entry at parabolic speeds. Here the neighboring-optimum optimization
technique was applied to the problem of determining the nominal optimum
trajectory used in the previous section, and also to generate a set of op-
timum trajectories with slightly different initial conditions. The data and
nomenclature are the same as in the previous section; the equations of
motion, the Euler-Lagrange equations and the perturbation equations are
all presented in Appendix C. The numerical solutions were obtained by the
backward-integration technique, discussed in section 6, because we were
interested in a parametric study of the initial conditions with final condi-
tions held fixed, namely v(¢;) = 0, h(t;) = 250,290 ft., V(¢;) maximized.

The power of the optimization scheme lies in its ability to converge
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29,000

V(t¢) max USING NEIGHBORING OPTIMUM

OPTIMIZATION TECHNIQUE

NOMINALy (to) AND V(t¢)max
FOR NEIGHBORING OPTIMUM
TERMINAL CONTROL SCHEME.

28,000 /
V(t¢) max USING

NEIGHBORING OPTIMUM
TERMINAL CONTROL SCHEME

27,000+
INITIAL CONDITIONS
V(t,)=36,000 FT./ SEC.

h(to)=400,000 FT.

MAX. TERMINAL VELOCITY~V (t;)~FT./SEC.

TERMINAL CONDITIONS
y(14)=0 DEGREES
h (t¢)=250,290 FT.

26,000+

T T T T T L
-65 -6.9 -73 -77 -8.1 -85
INITIAL FLIGHT PATH ANGLE ~y(ty) ~ DEGREES

Fia. 12. Terminal velocity versus initial flight path angle for atmospheric re-
entry control problem and maximum terminal veloeity versus initial flight path angle
for atmospheric re-entry optimization problem.

rapidly, to calculate the exact optimum trajectory and to generate a whole
family of optimum paths. A family of optimum paths was generated
by varying v(f) in increments of 0.2 degrees while V(&) and h(f) were
held fixed. The optimization scheme was able to converge to these changes
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INITIAL CONDITIONS
Y (1,)=7.5 DEG.
h(t,)=400,000FT.

TERMINAL CONDITIONS
y(t¢)=0 DEG.
h(t§)=250,290 FT.

Vi) max USING NEIGHBORING

OPTIMUM OPTIMIZATION
TECHNIQUE.

v
(o)
/\-—V(tf)max USING NEIGHBORING
OPTIMUM TERMINAL CONTROL
SCHEME.

NOMINAL y(t5) AND V (t¢) max FOR
NEIGHBORING OTIMUM TERMINAL
CONTROL SCHEME.

1
35,000

T 1 T I 1
35,400 35,800 36,200 36,600 37,000
INITIAL VELOCITY~V(t,)~FT./SEC.

F1a. 13. Terminal velocity versus initial velocity for atmospheric re-entry control
problem and maximum terminal velocity versus initial velocity for atmospheric
re-entry optimization problem.

in only two iterations. The field of optimum paths is represented in Fig,
12 by V(t;)max versus y(t). Iig. 13 shows V({/)max versus V(¢) with
v(t) and h(%) held fixed. Here, the scheme converged to changes in
V(%) of 4400 ft./sec. with only two iterations. The control programs gener-
ated by the optimization technique for v(%) equal to —6.5 deg., —7.5
deg., and —8.5 deg. with V(&) = 36,000 ft./sec. and h(t) = 400,000
ft. are displayed in Fig. 14. These curves are very similar, illustrating
the sensitivity of the re-entry trajectory to small changes in a.
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354

30

251 y (ty)=-6.5°

20 y(fo)="‘7.5°

y(t,)=-85°

INITIAL CONDITIONS
V(t5)=36,000 FT./SEC.
hlte)=400,000 FT.
TERMINAL CONDITIONS
y(t£)=0 DEG.
h(tg)=250,290 FT.
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-20
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-304
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1 L L
o] 50 100 150 200 250 300

TIME~t~SEC.
Fia. 14. Angle of attack programs for atmospheric re-entry optimization problems
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APPENDIX

A. Interpretation of the control scheme as a linear system with a quad-
ratic performance index. The derivations of this section are for the most
part formal, and are primarily intended to present a heuristic interpreta-
tion of the control scheme as a linear system with quadratic performance
index. For simplicity we consider only the special case where ¢, , as well
as ly, is given. Adjoin the constraints (2.1) and (2.3) to the performance
index (2.2) by Lagrange multipliers » and \(t), as follows:

(A1) J= (64" Py — ft’v & — [z, u, )] dt

Consider the variations of J due to a change in control program &u(t)
and changes in the initial conditions éx(¢) and final conditions &Y (¢;):

- _[o® 1,79 T s
6J_|:6fc 5x+2 626 x+v 6;//:|t=t/ A oxly
AN . of r of 1. r0H
) T 7 0J T 0 a1 5
(A2) + . [()\ + 2 ax>6x+)\ au6u+2 TS ox
2
+%6T86H —BTaH —5T6H6u:|dt

where H = \'fand ® = ¢ + »"y. Let us choose A(¢) so that
. (o r
= (ax> z
fe 1>
N(t) = (— .
( f) <6x)t=:f

For a first order extremum, we must choose u(t) so that

(A3)

rof _
(A4) A vl
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The constants » must be chosen so that (3.5) is satisfied. We have left then

2
5j = ()\T 6x)t=t(, + (VT 5¢)t=tf + -1— <590T Q 596>t ,
=tf

2 da?
O H  o'H
(A5) 1 (Y oy ’>6—x2—’ dx au‘l ox
+ = [6x", 6u') ) ) dt,
2Js, [ FH  oH J bu
du oz’ du?

where all the coefficients are evaluated on the nominal optimum path
generated by the solution to (3.1)-(3.6). Now, it is apparent from (A.5)
that \"(%) and »" are the first order influence functions on J for small
variations in the initial conditions éz” and the final conditions &¢’. We may
regard the second order terms on the right hand side of (A.5) as a quadratic
performance index to be maximized (or minimized) by a choice of du(?)
for a neighboring optimum path with slightly different initial and final
conditions (62" and 8¢”) from the nominal optimum path. The neighboring
optimum path must satisfy the perturbation equations

(A6) d (a ) = fax+ of Lo,

where, again, the coefficients are evaluated on the nominal optimum path;
thus equations (A.6) are linear. The boundary conditions for this accessory
maximum (or minimum) problem are

(AT) ox(ty) = o',

oy syt
(A8) (5} 6w>t=tf = & .

Such linear problems with quadratic performance indices have been treated
extensively in recent years (see, for example, [4, 5]). Let us adjoin the con-
straints (A.6) and (A.8) to the performance index (A.5) with Lagrange
multipliers 6\(¢) and dv as follows:

8 — (N 82)1mty — (v ) 1myy = 1(5# ‘?—fi-’ax> +dv (8‘1’ )
t=tyf t=tyf

2 Jx?
| o, o
tf dx2 ’ dx du || ox
(A9) -+ f l[6:13T,6uT] ) \
tw |2 _8 H ii] J ou
ou 9x’  du?

[ (5)-—-—36 giu&u] dt.
)
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Now consider the variation of 8J (i.e., the second variation, 8°J, due to a
change in perturbation control program &%, for fixed values of 8z and

oy
2
8 = [(M ‘%’ +ar ¥ N) 5%]
X ox t=ty
Yrfd , o r °H 20f
(A.10) + ., [(Et (\") + 82" - + N
r 62H> 2 < r O°H r of T&H) 2]
+ du oy or+ {ox m+5>\ E—d—l-au TuE 0w | di.

Let us choose 6A(¢) so that

d _O°H af\" O°H
PR <%> N~ awou

2 T
N(ty) = [gx—f 5z + <<%> dv:|t=tf.

For an extremum (6°J = O for arbitrary 8°u), it is obviously necessary that

2 2 T
(A12) 6H3u+ﬁax+(af) o\ = 0.

(A11)

our ou o ou

The constants dv must be chosen so that (A.8) is satisfied.
Note that (A.11) and (A.12) are identical to (3.9), (3.10), and (3.13)
for dt; = 0. Note also that

o\ _ eH . (Y _ OH
ou) — Ou I\ dxr) — dx O\’
B. Determination of the nominal optimum path for the ascent into orbit

problem. The equations adjoint to equations (7.1)-(7.4) are particularly
simple:

(B.1) o= =Ny,
(B.2) A= =N,
(B.3) A =0,
(B.4) Ao = 0.

Since z; is not specified, \,(¢;) = 0. Since we are maximizing u; , Au(¢;) = 1.
It follows quite simply that

Moo= Aoy + N8 — 1),
A =1,

(B.5) Ay = constant,
Az = 0.

f
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The optimality condition is

(B.6) Ao €OS B — N, 8in B = 0,
from which it is seen that the optimum (%) is given by
(B.7) tan B =b —ct, b =Ny 4+ Ny, ¢= N

Substituting this expression for 8(¢) into (7.1)—(7.4) and using the bound-
ary conditions (7.5) we obtain by elementary quadratures

(B8) =2 IVA+ )~ VI + 6= )] — b

| _ay b+ (1 + )
(B9) T a Vb — ey

v= s (0 = o) VT &= — oV/TH B
(B.10)

B b+ V(I + ) 2}__
o VO by AV

v = S[ VAT W - VAT 6P
(B.11)

— (b — ct) log b+\/iliﬂ_].
b—ct+ 41+ (b— ct)?)
The two constants b and ¢ (and hence, \,; and \,) are determined by the
terminal boundary conditions (7.6):

(B.12) VIF) - VI F (b= = -ctf,
= 2{(1) — etV F (b — e)?) — b/ F b)2
(B]_,?,) gatf ct
b+ T+ 00 } 0 o
_1 S _9
B e VI F b T VP

Equation (B.12) can be solved for ct; in terms of b (note ¢; is given but ¢
is to be determined):

(B.14) ol = T—zg—w <b — 4V F b2)> :

Substituting (B.14) into (B.13) yields a transcendental equation for b
in terms of y, . Note that

tan By = b = Ay, + Ny, Bo = B(0),
tan Bf =p — cly -+ )\vf, B/’ = B(tf))

(B.15)
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¢

(B.16) tan 8(t) = tan B, — (tan 8y — tan ;) e
7

The maximum value of u; = u(ts) is given by

(B.17) uy _ 1 1 tan By + sec Bo

at, th tan ﬂf + sec Bf )

The corresponding value of z; = x({;) is given by

g 2 _ _ tan B 4 sec B
(B.18) Tl = (o)) <sec Bo — sec B; — tan B; log <tan B, + seo B;)) .

Note that the maximum value of y; in time ¢; with v, = 0 is obtained by
ascending vertically using

T 1 g
B 0<icl(i49),

{ T, 1 g
l—é, 5(1+5>t/<t<tf’

(B.19) B(t) =

and this program gives
1 2
(BQO) (yf)max = i (1 - (%) atf.
C. Equations used in the atmospheric re-entry problems. The equations

of motion of a point mass about a spherical non-rotating earth (time being
the independent variable) are

2
(C.1) V= _0_02;:::'3 — g sin v,
. CppVS v g>
(C2) YT Tom + <R +hn 7V Co8 7,
and
(C3) h = V sin v.

The differential equations for the associated Lagrange multipliers are

_ CD pVS )\V

_ C[, pS 1 g — Qi
|: 2m + (R + h + 75) o8 ’Y:I M s

. 14 .
(C5) A, = gcosy \y + (m — %) siny Ay, — V cosy M4,

Ay
(C4)




220 BREAKWELL, SPEYER, AND BRYSON

and

S 2m  oh

v % _ CLVS 9
* [((R TR VR + h)) O “om %] M

The optimality condition is

2
}\h=[ 29 sinry-[-g_D_V_S@])\V
(C6)

(©1) Wy, — v

£ ™ o= 0.

The initial conditions (f = %) are
(C.8) V) = V',
(C.9) v(t) =,
(C.10) h(t) = K.
Terminal conditions (¢ = ;) are
(C.11) v(ts) = s,
(C.12) h(ts) = hy,
(C.13) v(ty) = Ny, =1,
(C.14) M) = Ny = —vy,
(C.15) M(ty) = Ny = —wn,
and

{—M [%S + ¢ sin 7]
(C.16)

CL VS 4 _g> :| . _
—I—)\.,[ ™ +<R+h 7) €08 ¥ + M(V sin v) ¢=ef_0'

The unknowns N, (¢;), M(ts), and V (¢;) were estimated from an approxi-
mate optimum trajectory using the method of steepest-ascent

Consider perturbations of the optimum trajectory caused by perturba-
tions in the initial and/or terminal conditions as found in equations (3.8)
through (3.15). Perturbations on the equations of motion are
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> | CopVS _ 2¢ sin. vy C'DVSGp:l
o= [ m :lW gc°575”+[R+h om ok "

(C17)
pV S 600
om o X’
. CL pS 1 14 _ _g_) .
67—[2m +<R+h+ )cosv:l (R——l-h v siny &y
C. VS ap 2
(C18) + [ om ok ((R D" h)> cos 7] oh
pVS aCy
t o e 0
and

(C.19) 6k = siny 8V + cosy dv.

Perturbations on the Lagrange multiplier equations are

Sy = [CD pSy, + I cosy \ ] 8V

—+- <R T h >sm7 Ay — cCOSY )\h]

+ |: D VS 6p
(C20) C.( /ah)S 1 2
P g
< i [(R et VR T h)] cos ”) k’] oh
pVS OCD pS (90[, CD pVS
T [ m oa ™ 2m da N] b+ —
[C W’ZS + (R 5 V2> cos 7] 8\, — siny o\,
[( > siny N, — cosy )\h] 14
. V g .
=+ [~— g siny Ny - <m - 7) cosy Ny + V siny )\h] oy
(C.21)

29 v _ 2¢ .
- [m cosy Av & ((R FhE T VR h)) o “] o

14 .
+ g cosy oAy + (m —_ Ti/') siny 8A, — V cosy &\,
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5)\}, {CDmVS ap Ay + [( 1 _I_ 29 > cos v

oh R+ 1y~ VAR + h)
- G5 %] x,} 5V
29 _ .
[ CE Rt <V<R (s h>2> s *’] o

I:Ggsm'y Cpr V'S 8% ])\

(R—I—h)2 om  on2|""
B 6g 14 CL VS &p

+ _(V<R+h>2 <R+h>a> ST om ah2]*}‘3h
Vs sCs, _ VSnc, ],

| 9m oh a7 " 2m ok oa 1|
[C, V’Sdp  2¢sin 7]

+_ 2m oh R+ h Bhv

(C.22)

_|_

B 1% _ 29 _
T _((R ThE VR ¥ h)) sy — 5 ah:l My -

The perturbations on the initial conditions are

(C.23) 8V (t) = 8V°,
(C.24) Sy(to) = &'
(C.25) sh(ty) = oh'.

The perturbations in the final conditions are

(C26) o&v(ty) + [CL &S + <L - i) cos 'y] dt; = dv’,
2m t=tf

R+hn V
(C.27) Sh(ty) + [V sinyle, dt; = db’,
(1) + {CDPVLS’ A [CL pS + < + > cos y:l Ay
m R+ h
(C28)
- Sil’l’y )\h} dtf = 0,
t=ty
o, (t) + [gcos'yk + (—L—£>sin'y)\
[ "T\R+h TV Y
(C.29)

— V cosy )\h] dt; + dv, = 0,
t=tf



OPTIMIZATION AND CONTROL 223

2% sin vy Cpr V’8 Op] [( v
6)\h(tf) +{|: (R + h) + om % )\V + m

(C30) 2 C, VS d
_ 9 _ b ¥oop -
V(R + h)) ST = o ah] “}M, diy & dn = 0,

_CopVS Cy pS 1 g
({ m )\V+[2m +<R—I—h+T7_2>COS’Y:|>\7

-+ Sil’l’y )\h} 14

V .
— [g cosy A\v + (R—-l-h — %) siny A, — V cosy )x;,] %

(G310  + {[CEZS o= (o ~ v =

[2gsiny  Cp V'S ap |
— — Ay Oh
| R+ h 2m  oh

—CLPVS Vv _E) ]
T Tam +<R+h ) o8 Y |

+

B 2
— CDpVS+ gsin'y] v + V siny 6)\h> = 0.
2m t=ty

-

The variation in the angle of attack is found by perturbing equation (C.7):

1
where
_ PS8 aC, | pVSICh
Dr= o =N T oa
_ VS aC, V8 aCD:I dp
D, = [**z—mﬁ; om ™ oa | ok
_ _pV’BaC»
Dy = om da ’
_oV8aC,
D=5 o
and
OH . pVSdC, pV’S 9°C»
(C.33) bt = M om e TN 2w gar <0

for maximum velocity.
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ON THE CORRECTNESS OF THE FORMULATION OF AN
OPTIMAL CONTROL PROBLEM*

F. M. KIRILLOVAt%

In this note we shall prove that the solution of an optimal control prob-
lem [1-4] depends continuously on the initial data and on the parameters
of the system (under certain assumptions).

1. Let the control system be described by the differential equations:

% =2 aultyc, -+, co)m(t)
k=1
(1.1) .

+ ;bik(t,cl, sy e)u(t), i=1,--1,m,
where z;, - - - , @, are the coordinates of the representative point in phase
space, ¢, - -+, C. are parameters, and u.(¢), --- , u.(¢) are control func-
tions. The functions au(t, ¢1, -+ , c.),and by(t, ¢1, - - , ¢.) are continuous
in the time ¢ and in the system parameterse; , - - - , ¢, .

We shall assume that the u;(¢) are piecewise continuous, and that the
constraint max |u(¢) | £ N, k = 1, ---, r, has been imposed on these

functions, where N is a certain constant. In evaluating max | u(¢) |, we
shall not take into account values | u(¢) | at isolated points ¢, if these
points constitute a set of measure zero."

For given fixed parameters ¢;, - -+, ¢, in (1.1), the problem consists in
the following: Given a time % and a point x,(f) = x,, choose control
functions u;(t) such that the point x;(xw, -, Tno, to, U, * =, Ur, L),
moving along a trajectory of the system, attains the origin from the initial
position @i, - - - , &yo in the shortest time 7'.

The functions u;(¢) which satisfy the requirements of this problem will
be called optimal control functions, and the time T will be called the
optimal time for the response of the process.

It was shown in [1-4] that a solution of the given problem exists (under
certain restrictions). It is of interest to investigate how the optimal control

* Originally published in Izvestia VUZ, Matematika, No. 4 (5), 1958, pp. 113-126.
Submitted Jan. 24, 1958. Translated by L. W. Neustadt, Aerospace Corporation, El
Segundo, California. Some minor changes—for the sake of clarity and completness—
have been made by the translator, particularly in Lemmas 3.1 and 4.1.

+ The S. M. Kirov Ural Polytechnic Institute

! In such circumstances it is customary to say: | ux(¢) | = N almost everywhere in
[to , 7]. In practice, one may consider that | ux(¢) | > N only at isolated points, the
number of which, on each interval [to, 7], is finite. These points should simply be
neglected in the given problem.

224
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functions and the optimal control time depend on the initial data 0 , - -
Zno and on the system parameters ¢y, -+« , Co.

In this note we shall prove that the solution wux (2, ++ , w0, %0, 61, - - -,
e, ), T(x10, **,Tmo,%,c1, - ,c) depends continuously on the initial
data xy, -« - , Zno and on the parameters e, - - - , ¢. (under certain assump-
tions). In other words, we shall settle below the question of the correctness
of the formulation of the optimal control problem.

We introduce some notations. If 2 is a certain function z(z1, - - , Zno ,
to,c1, -, ce) of the initial data and of the system parameters, we shall
in the sequel write z = 2(xo, %, ¢). In particular, in place of ux(21, - - -,
Toosbo, €1, v, Cyt) and T(xw, -+, Tuo, o, €1, -, C), We shall use
the symbols ux(2o, b , ¢, t) and T (xo, &, ¢).

The optimal control problem may be considered to be correctly formu-
lated if the optimal control functions wux(xo, b, ¢, {) and the time T'(zo ,

)

o, ¢) (for fixed values of ¢i, ---, ¢.) are continuous in the initial data
T, * -, Tno ; that is, for every ¢ > 0 and e > O there exists a § > 0 such
that®

meas (| ux(xo, b, ¢, 1) — uk(xo', hh,e,t) | 2 o) < ¢
lT(CUo,to,C) - T(.’Eol,to,c)l < e

whenever | zy — io | < 8.

Also, for given initial conditions xy, -+, s, wWe shall say that the
solution wi(xo, to, ¢, t), T(xo, t, ¢) is continuous in the parameters
¢, "+, ¢, if, for every ¢ > 0 and e > 0, there exists a § > 0 such that

meas (| u(@o,to, ¢, t) — w(@o, to,c,1) | = o) < ¢
| T(2o, to,c) — T(@o,to,¢) | <e

whenever | ¢; — ¢/ | < 6.

The proof that the solution of the optimal problem has these properties
is given in §§3, 4. In §2 some auxiliary material is presented.

2. Let up(t) = m(t), k = 1,---, r, in equations (1.1), where the
n(t) are piecewise continuous, essentially bounded functions.

The solution of (1.1) has the form (see [6])

n t n 7
(2.1) @(t) = 2 eale, taw + f > 2 wile, ale, T)bule, r)milr) dr,
=1 to s 1=1 k=1

2 The symbol meas (| ux(zo , to , ¢, t) — ur(zo’, to , ¢, t)| = o) denotes the measure of
the set of ¢ for which | wi(xo , o, ¢, £) — ur(®o’, t0, ¢, t)| = o. In other words, we are
concerned with convergence in measure of the control functions. This arises from the
specific character of the problem, whose solution ux(zo , to, ¢, ¢) is made up of dis-
continuous functions.
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where the i (¢, t) are the functions in the fundamental matrix of solutions
of system (1.1) with by = 0, and the ¥;(c, 7) are the functions in the
matrix which is the inverse of the fundamental matrix.

Multiplying relation (2.1) by ¢mi(c, t), and summing over ¢, we obtain

Z:l Ymi(C, )2 (1) = Tmo + | 2= 2 Y, Pbule, Imilr) dr,m =1, - - - m.

to k=1 1=1

Suppose that the point x;(xo, to, ¢, 71, -+, 7., t) of the trajectory of
(1.1) attains the origin for some ¢ > f, . Then the functions #;(+) must be
a solution of the system

t r
(2.2) —Tmo = j; kzl 'Ymk(cy T)nk(r) dT’ m = ]_,. cm,
0 k=

where

'Ymk(c, T) = ; 1)[/ml(ca T)blk(c: 7')'

Let us consider the space L(t,, t) of systems of functions v(7)
= {yi(7), -+, v-(7)}, Le. the space of Lebesgue integrable functions

vi(7) <ft:|7k(r) ldr < + w).

Let || v(7) || denote the norm of the element (7). Namely,

1@l = [ 3 vl ar.

Then, the general form of a linear functional which is defined on the
given normed linear space is

t r
10 = [ 3 v dr,
to k=1
where the 7;(t) are piecewise continuous, essentially bounded functions.
Moreover, the norm of the functional f is given by the formula
“f”=ma‘xlm€(7)l: t‘)é'rét;k:l,'”:r'

Returning to relation (2.2), the optimal control problem can be formu-
lated as follows: Among the linear functionals which are defined on the space
L(t, t) of systems of functions

‘Y(C, T) = {71(6’ 7')’ B 77‘(6) T)}

with norm

Iv(e, 0l = [ 3 1 vate, ) d,
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where ¢, -+, c. are given fixed parameters, find the functional f of
least norm which is a solution of (2.2). If there exist values of ¢ for which
min || f|| = N, then, for the given initial conditions i, « - , @a0, and

the constraints | uy(7) | < N, the origin is attainable’ in the time § = ¢ — &, .
If there is a smallest 6 for which min || f|| < N, then an optimal control
does exist.

We shall consider the given problem for the case where the systems of
functions {va(e, ), - -+, va(c, 7)} are completely independent [7]; i.e., we
shall suppose that, foreach k = 1, - - - | r, the relations

2 Mvale, 7) = 0, Z A # 0
1=1 1=1
hold only on a set of measure zero.
Following [7], we shall say that the element

n

ve, 1) = (X Mavale, 1), -+, 3 Aavale, 1)

is minimizing on the interval [t , #] if

min t kz: Z N vae(e, 7) | dr = || v(c, t)]],
0 k=1| =1
the minimum being taken over all A;, - -+, A, satisfying the relation
Z )\ixio == —]., Z Tig # 0.
1=1 =1

As is shown in [7], a solution of (2.2) exists (provided the systems
{vale, 7), -+, vur(e, 7)} are completely independent) if and only if we
allow || || = Mao, b, ¢, t), where the function N(w, &, ¢, t) is defined
by the condition

m = min ty k= iva(e, 7) | dr,
Since = =
mm[ Zr: Zn: Ni var(e, 7)
tg k=1 | i=1
is always attained [7] with values \;, - - - , \, satisfying the conditions

;)\ﬂ?m = '—‘1, ; x?o # O,

3 This will, for example, always be true if the a; are constant, and if the eigen-
values of the matrix (a:x) have negative real parts.
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we may consider a functional f which is a solution of (2.2) and has norm
Mo, to, ¢, t). Let || f1l = Mo, b0, ¢, t), and let f be a solution of (2.2).
If the element

n

v(c, T) = (é Nva(e, T): Tty Zl Nevar(e, T))

is minimizing on [¢ , ¢, then it is obvious that

ft > Z N vie(e, O)m(r) dr = 1

0 k=1 i=1
and
[ rmatorn) [ L
to k=1 | i=1 Mo, b0 ,¢, 1)

Hence, f(v) = |lv| || f]]. Consequently, if f is a solution of (2.2), and
if |£1] = Mo, t, ¢, t), then, for every element

7(67 T) = (Z‘i )\{Yil(C, T): Tt ; )‘fyiT(C) T)))
which is minimizing on [f, , t], we have

[ 3 3 male, Dmele) dr = MGaoso e

0 k=1 i=1

to k=1

Hence, if we neglect a set of measure zero, it follows that the functions
n(7) can be found from the formulas [3]:

ﬂk(xo ) to y G T)

(2.3) n n
= Nao, b0, ¢, 1) sign 2 Nevar(e, 7), Do AZio= —L k=1 --- 7
7=1 =1
Thus, if the origin can be attained from (21, * - - , Zu0), the control func-

tions are determined uniquely by relations (2.3).

It can be shown that the function A(2o , & , ¢, t) is continuous and strictly
monotonic in ¢ (for fixed i, -+, Tno, bo, €1, -+, ). In fact, if the
element

71(07 T) = (;_1 )\il’Yil(C) T)) ] ; )‘il’YiT(cy T))

is minimizing on [t , ], and if the element

’Y?(C) T) = (Zl )‘iZ'Yil(c) 7)7 B} ; )\i2'yir(c7 T))
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is minimizing on [ty , ¢], then it is obvious that
r n 9
/ 2 2N yale, )
to k=1 |1

t=1
Let ¢y < ty. Then,

>

dr =z

ty =1

DN vir(e, 7)

d‘r>/; Z

Z )\z 'Ytk(c, ™) |d

7=1 0 k=1| 7i=1
Hence,
f Z ZN va(e, ) |dr > 'ylk(c ) |dr,
tg k=1 | i=1 tg k=1| =1

i'e', F(xo ) to » Gy t2) > F(x% to » Cy tl)) Where F(xo ) tﬁ s Cy t) = D\(% ) tO » G t)]—17
which also proves the monotonicity of F(xo, t, ¢, t) (and, consequently,
also of A(xo, &, ¢, t)).

Let us now prove that F(xq, t, ¢, t) is continuous. Since

f Z Nva(e, 7) | dr = mmf Z > Niva(e,T) | dr,

to k1 F=1 | i=1
D N = -1,
=1

it follows that

tg T n
Z Z N 'sz(c 7') f Z Z )\i27ik(c, T) dT,
to k=1 | izt to k=l | im1
from which we see that
F(xO’t07C)t2)_F(xO)tO)cytl ./; ]CZ Z)\ ’sz(c T)
1 k=1} =1

Ifts— b, F(xo, b, ¢ t) = F(20,t,c,t). This proves that F(xy, & , ¢, t)
is continuous from the right. To show that F(x, &, ¢, t) is continuous
from the left, we use the inequality

fto hi Z)\wy@k(c 7) |dr = ]t Z

i=1 0 k=1
If to < ty,

Z A ’sz(c T)

i=1

Z Niva(e, 7)

1=1

F(zo,to,¢,t1) — Flmo,to,05) < f 2

ty k=1

We shall show below in Lemma 3.1 that the numbers A/’ (for the values
ty — t,) are uniformly bounded. Therefore, the last inequality implies
thatF(xo,to,C, tz) HF(xo,to,C, tl) asty— t .
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From the fact that F(x,, ¢, c, t) is continuous in ¢ it follows that if the
origin can be attained” for at least one value of +—with the initial data
T, *+, Zno and bounds | u(7) | £ N—then there exists a unique opti-
mal control defined by the formulas obtained from (2.3):

U,k($o ) ) » G 7')

(2.4:) 7 n
=NSignZ7\fYﬂc(C, ), 2 A = —1, k=1,---,n
iot iz

3. The proof of the basic assertions which were stated in §1 is based on
an auxiliary lemma. By the symbol v;n(7):, m = 1, -+, r, we shall de-
note continuous functions of the argument 7 which are defined on the
interval {p < 1 = ¢ = 6.

LemMmA 3.1. Let there be given a sequence

'Yk("')tlc = (; )‘ik'y?l('r)tk y Tty Zl xikVIZT(T)tk) ) k = 17 2,

such that || (1) g || < K for every k, where K is a constant. If the ¥im(7)s
m=1,--,r k=12, - are continuous functions such that Vem(T) —
Vem(7) uniformly as k — o for everyi andm, and if the systems{y(7), -- -,
v3,(7)} are completely independent, then the numbers \*, k = 1,2, ---
i =1, -, n, are uniformly bounded.

Proof. Assume the contrary. Without loss of generality, we shall assume
that

b

=M+ + N> o as ko .

Since &) < & =< 8, there is no loss of generality in assuming that ¢ tends
monotonically to some limit ¢ as k — .
By hypothesis, || v+(7) 4 || £ K. Consequently, the sequence of the norms
of the elements
k

() = (Z M), - s Coh ))

1=1

tends to zero. Since

n

=1’

Cr

}\.Ic
=1 ‘
we shall assume, again without loss of generality, that

k
Moo
Ck
for each ¢, as k — .

4 See footnote 3.
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Consider the element
n n 0
0
'Yo(T)t = (Zl ai'Yil(T)t, Tty 2 ai'Yir(T)t> .
1= =

Suppose that the sequence i is increasing. Then,

tp n

; Z_ z=: 'Yzm('r)tk dT - , Z—l Zl ol 'ng('r)t d’l’
tp n )\
é f Z Z{ - I'Y'Lm('r)tk 'Yzm(f)tk I + |'Yzm<7)tk l ‘ — T Q; }dT
tg m=1| i=1 Cr

Z & Yim(7) | dr

5

(an analogous estimate for the difference of the norms of the elements
vo(7) ¢+ and ¥;(7)y can be obtained if the sequence ¢, is decreasing).
Since the functions v%,, are continuous in = and

lim v5.(7) = yim(r) as k— o, uniformly in 7,
it follows that

T7x(P) g | = vo(7)e]] as k— .

But || ()4 || — 0, so that || yo(7). || = 0. However, ) iy | a;| = 1, and
the systems of functions {vii(7)s, -+, vir(7) are completely inde-
pendent, so that, for each k,

n

3 anti(n) =
=1
only on a set of measure zero. The contradiction proves the lemma.

We shall now show that, for fixed parameters ¢;, - - -, ¢., the solution
u,(xo, &, ¢, 7), T (2o, &, ¢) of the optimal problem is continuous in the
initial data w0, <+, Tuo -

TuroreM 1. If the systems of functions {va(c, 7), - -+, vi(c, T)} of (2.2)
are completely independent, and if there exists, for certain initial conditions
Ty, c , Tno , an opttmal control ui (o , o , ¢, 7) with optimal time T (xo , 4 ,¢),
then, for every o > 0 and ¢ > 0, there exists a & > 0 such that

meas (| w (@, to, ¢, 7) — w0, bo, ¢, 7) | 2 o) < ¢

lT(CL‘o,to,C) - T(xOI;tO)C)l <ee

whenever | T — x| < 6.

Proof. Let T be the optimal control time for the initial conditions
T, *** , Tno . By the definition of F(xo, t, ¢, t), F(zo, t,c, T) = 1/N.
As was shown in §2, F(xo, &, ¢, t) is strictly monotonic and continuous in
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t. Consequently, for an arbitrary ¢ > 0, there exists a 8 > 0 such that

1 1
F(xo,tO,C,T—€)<N—'B, F(xo,to,C,T+€)>N+B.
In [7] it is shown that, for fixed ¢;, -+, ¢., and ¢, the function
F(xo,t, ¢, t) is continuous in Zy, * - - , no. Therefore, for a sequence of
initial data 7o , - - - , 270 converging to Zi, -+ - , Tno , We have

IF(xO’tO’C:T— e) _'F(xom;tchyT_ 5){<ﬁy
[F(xo,to,C,T—I-e) —F(xom,to,C,T+e)|<ﬁ,

when m > M. Taking the preceding inequalities into account, we conclude
that
m 1 m 1
F(xo,to,C,T—€)<—, F(xo,to,C,T+e)>ﬁ
when m > M. But, for fixed m, the function F(z,", &, ¢, t) is strictly
monotonic and continuous in ¢. Consequently, for every m > M, there is
a unique 8, = T(z,", &, ¢) such that

1

']V— )

and, hence, | T(zo, &, c) — T(x", t,c) | < e when m > M. Because of
the arbitrariness in the choice of ¢ > 0, this also proves that the optimal
time T' (20, &, ¢) depends continuously on i, « -+ , Zno -

We note that because of the continuity of the optimal control time in the
initial data, it follows that the set of points in phase space from which the
origin is attainable (with given ¢,) is open. For systems of equations with
constant coefficients, this fact was noted in [2].

Let us now prove that the optimal control functions wux(z™, &, ¢, 7)
converge in measure to the functions u: (%o, &, ¢, 7) as Z5o — Ty . As was
shown above,

F(xom, to 5 C, 0m) =

n
up(2o, b, c, ) = N sign Zl)\io'y,;k(c, ), k=1,---,r,
Z )\ioxw = ~‘1, to é T é tO + T,
i=1
n
up(xo™, b, ¢, 7) = N sign Zlkim'yik(c, 7, k=1,---,n,

n
ST = —1, h=<r=to+ Tn
7=1

(the symbols T and T',, denote T'(zo , & , ¢) and T'(zo", & , ¢), respectively).
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The element

70((:) T) = (Zl >\i0’Yi1(C, 7')) ] Zl Aio’yif(c: T))
is minimizing for the condition

DN T = —1

i=1

on the interval [t , & + T']. The elements
Ym(e, 7) = <g Nvale, 1), -, gl Nva(c, 7))
are respectively minimizing for the conditions
i NTxho = —1
=1

on the intervals [ty , & + Tu)-
Since

In(e )= 5> vl ) | =5 when m >,

we conclude on the basis of Lemma 3.1 that the numbers A;” are uniformly
bounded. Let \7'* be convergent subsequences of the sequences \;":

7T X as §— o, i=1--,n
Then, the element
'Y-(c; 7') = <Z; 7\{)’1‘1(6, T); Tty ; Xfyif(c) T))

is obviously minimizing for the condition

Z AZo = —1

=1

on the interval [t , ¢ty + T']. Consequently,
sign _Zl Avar(e, ) = sign Zl Neya(e, ), k=1,---,r
almost everywhere on [t , & + T] (see [7]).

But this means that, beginning with some number m > M, all the zeros
of the functions

Z=Z1 >\im'}"ik(c) 7')7 k= 1> e,
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are found in an arbitrarily small e-neighborhood of the zeros of the func-
tions

; )‘io'Yik(c) T) )

respectively (when speaking of zeros here, we refer only to those zeros
where the functions actually change sign).

Indeed, if, for some ¢ > 0, there were no M satisfying the preceding
condition, it would follow from the uniform boundedness of the numbers
;™ that there exist convergent subsequences \7*; and if

1 .
2%—))\1‘ as §—> o, Z=1,'-~,n,

then
sign 2 \lyale, 7) = sign S Nvale, ), k=1, .7
i=1 i=1

almost everywhere on [t , ¢, + T]. Thus, our assumption leads to a con-
tradiction. Consequently, for every ¢ > 0, there exists a number M be-
ginning with which all of the zeros of the functions

i:l)\im%k(% 7)
fall within an e-neighborhood of the zeros of the functions
iz::l Nva(e, ),
and outside of this e-neighborhood the signs of the functions
é N ya(e, 7)  and Zl ANya(e, ) for m > M
agree. But this means that, for any ¢ > 0,

meas (| ux(zo, o, ¢, 7) — we(x™, bo, ¢, 7) | = o) < ¢m > M.

Thus, the optimal control time 7'(x, &, ¢) and the control functions
uw(o , &, ¢, 7), for fixed parameters ¢;, ---, c., are continuous in the
initial data @y, < -+, To -

Note. Inasmuch as an actual automatic control system can never be
identified exactly, it follows, in particular, that there will always be an
error in the determination of the initial data 2y, - -+, Zno . Therefore,
the following problem is of interest: Let the optimal control u(xo, &, 7)
achieve the origin in the time 7'(xo , &) = T'. Will the point on a trajectory
of (1.1) be near the point z; = 0 at the time & + 7' (f being the initial
time) if the initial data i, - - - , Zu , to are the very same, but the control
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functions correspond to initial conditions Z1o , Zpo NEAT T , e, Xpo P
The theorem proved above permits us to answer this question in the
affirmative (under our assumptions).
Indeed, if uxz(xo, t, 7) are the optimal control functions for the initial
conditions Zy, -, %o, and if T is the control time, then, according to
formulas in [6], we have

0= z]‘Pik(tO + Tk

(32) to+T 1 n
+ c Z ;1 eis(to + T (r)bu(r)ur(2o, to, 7) dr.

0 =
The position of the point x;(xo, to, u1, - - , ur, t)—moving along a tra-

jectory of (1.1) with the control ux(xy , ty, 7)—at the time t = #, + 7T is
determined by the relations (according to formulas in [6])

zi(to+ T) = ; ea(to+ T)awo

to+T 1

+ > Z eis(to + T ()bu(r)u(zo, to, 7) dr.

to k=1 s,

From (3.2) and (3.3) we obtain

(3.3)

T n

to+T
z(to + T) = ft kZ_‘i SE_: eis(to + T (r)bu(r) (un(d, to, 7)

(34)
— we(@o, bo, 7)) dr.

Let us estimate z;(ty + 7). Since the functions ¢;(7), ¥a(r), and
bi(7) are continuous in 7, and, consequently, bounded on [ty , & + T1,
it follows from (3.4) that

to+T

lx,(to + T) l A Z f ' uk(xl)) tO’ T) - uk(xoly tO; T) | dT;

where A is some constant.
Let us partition the interval [t , t, + 7] into subsets:
Ekl = {1‘:| uk(ﬁo, to, 1‘) - uk(xol, to, 7‘) l g gy,

Ek2 = {T:l uk(dio,to, 7‘) — uk(xo', to, T) ‘ < (T}

where ¢ is a positive constant defined below. Then,

l w,(to + T) ! A Z [-[Ekl l uk(xo , to 5 T) - uk(xo’, to ) T) | dr

+ f I uk(dio y to ) 7‘) - uk(ﬁo,, to , '7') | dr |.
Ep2
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Now let 8 be an arbitrary, as small as desired, positive number. By Theo-
rem 1, if e = 8/(4ArN), there is a § > 0 such that

meas (| ux(@o, o, 7)
—uk(xol,t0,7)|;0)<é, ]C=1,"'7',|£13/50—x;'0[<5.
If ¢ = B8/(24T7), then
|z:(to + T) | = A[2Ner + o-Tr),
or, finally,
Thus, if the control functions of the control system are introduced with
a certain error dependent on the initial data (| .0 — i | < 8), a process
which is close to the optimal process will be obtained.
4. Let the parameters ¢, - - -, ¢, of the system vary in the presence of
the initial data xw, - -, .0 . We shall prove that the optimal control
functions wux(2o , t, ¢, 7) and the optimal control time T'(x,, &, ¢) are

continuous in ¢y, - -, Ce.
TaroreM 2. If the systems of functions

{’Yil(cy T), e 77157‘(0, T)}
are completely independent, and if there exists, for some values of the param-
eters ¢y, -+, Co, an optimal control ui(xo, to, ¢, ) with optimal time
T(zo, b, c), then, for every ¢ > 0 and ¢ > 0, there exists a & > 0 such that

meas (| ux(o,to, ¢, 7) — ue(@o, lo, ¢, 7) | = o) < ¢
) [T(xo,to,c)—'T(wo,to,cl)|<é
whenever | ¢; — ¢; | < 6.
Let us first derive a property of the function F(xo, %, ¢, ).
Lemma 4.1 For fized 10, -+, Tno, o, and t, the function F(x,, &, c, t)
1s continuous in the system parameters ¢y, -+ , Co .

Proof. Let ¢;” be a sequence of parameters which converge to c¢; as
m — «. Since

t r n
F(xy,t,c,t) = min f SIS Nivale, 7)) | dr
to k=1 | i=1
t r n
= Z 7\i0’Yik(C, ™) | dr
to k=1 | i=1
under the condition D¢ Ao = —1, and
t r n
F(xo y to y Cm, t) = min Z )\1, wk(cm, T) dr
to k=1 | 1=1
t r n
= > 2 N yald 1) | dr
to k=1 | i=
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under the conditions

2 N"mo = =1, D wio # 0,
1=1 7=1
it follows that
> N vale, T)

i=1

0<P(x0’t07 t)'— Z

to k=1

Since the functions v (¢, 7) are continuous in ¢ as well as the parameters
¢, -+ ,c (because of the theorems on the continuity of solutions of differ-
ential equations with respect to parameters [6]), the functions v4(c™, 7),
forO0 = 7 =tandm = 1,2, -- - , are uniformly bounded. Hence, the num-
bers F(xo, by, c", t), form = 1,2, - -, are uniformly bounded. It follows
from Lemma 3.1 that the numbers \;” are also uniformly bounded (for

=1,2,---,),so that we can find a subsequence m, such that A\7'* — X;
ass— o (forz =1, --- , n). Consequently, since the functions v (c™, 7)
converge uniformly to vy (e, 7),

tim [ 3 S Al ) dr = [ 5] 3 Kevate, 0| dr as s .
to k=1 | i=1 to k=1 | i=1
By the definition of F(zo, to, ¢, t), we have (since )iy Xts = —1)
Nivir(e, 1) | dr = f Z Z Neva(e, 7) | dr,
to k=1 | =1 to k=1 | =1
and, simllarly,
t r n
Z )\1, 'sz(Cms, 7') é f 2 Z )\ims‘Yik(Cms, ’l')

to k=1 | i= to k=1 | i=1

Passing to the limit under the integral signs, we obtain

/ Z Z N yar(e, 7) ‘ dr = dr,
to k=1 | i=1 to k=1 | i=
so that these two integrals are equal.
Consequently, as s — =,
F(xo,to, t)'—) kz Z)‘ 'sz(c 7') F(x07t0y07t)'
to k= 7=1

Obviously, for every convergent subsequence of the values F(xo, f,
¢, t), we obtain F(xo , to, ¢, t) in the limit. Since the values F (o, to, c™, t)
are uniformly bounded in m, every subsequence of the values F(ao, ¢,
c™, t) converges to F(xy, to, ¢, t).

This means that F(x, , & , ¢, t) is continuous in the parametersec;, - - - , ¢,
(for fixed 210, <+, Zno, bo, t).
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The continuity of the optimal time T'(z, , & , ¢) and of the control func-
tions ux (%o , & , ¢, 7) in the parameters ¢, , - - - , ¢, can now be derived from
Lemmas 3.1 and 4.1 just as was done in the proof of Theorem 1. Therefore,
we shall present only a brief proof of Theorem 2.

Let T be the optimal control time. Then, from the monotonicity and
continuity in ¢ of F(xo, &, ¢, t), it follows that

F(xo,to,C,T—€)<*1—'—B, F($o,t0,c,T+€)>i+B,
N N
where ¢ is an arbitrary, as small as desired, positive number.

If ¢, — ¢; as m — o, then

lF(xo,to,C,T:J:G) '—‘F(Il’)o,to,cm,Tﬂ:é)‘<6

when m > M (Lemma 4.1).
Hence,

| T(xo,t,¢) — T(xo,t,c")| <e for m> M.

The control functions (according to (2.4)) can be computed from the
formulas

uk(xﬂ ) tO y Gy T)

= N sign Z:nl )\i(’yik(c, 7), g Mo = =180 7 = b+ T,
w(2o, 4o, €™, T)
= N sign i:l AN ya(c™, T), g N = =Lt 2T = b+ Th.
Since the v4(c, 7) are continuousin ¢, - - - , ¢, we may conclude on the

basis of Lemma, 3.1, that the \;” are uniformly bounded. Therefore, repeat-
ing the arguments of Theorem 1 with insignificant modifications, we may
convince ourselves that all the zeros of the funetions

n
'Zl )‘imyik(cm; T) ’
1=

beginning with some number m > M, are found in an e-neighborhood of the
zeros of the functions

2 Avale, ),
k=1

and that, outside of this neighborhood, the signs of the functions
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Z Nva(c”, 7)  and Z )\io’)’z‘k(c, r) for m > M
7=1 =1
agree, i.e., for any ¢ > 0,

meas (| ue(@o, to, ¢, 7) — w(@o, b, ", 7)| = a) >0
asm — o,

With this, the proof of our assertion is complete. The author considers
it her duty to note that she became acquainted with optimal control
problems through N. N. Krasovskii.
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A SUFFICIENT CONDITION IN THE THEORY OF OPTIMAL
CONTROL*

E. B. LEEt

This note sets forth results which cover most of the known cases where
L. S. Pontriagin’s Maximum Principle [1] is a sufficient, as well as a neces-
sary, condition for optimal control.

Consider the system

(a') i = fo(w) t) + ho(u) t)

(b) = At)x + h(u,t)

with 2(f) = 2 and 2°() = 0. Here f°, &°, A, and h are continuous in all

arguments. x is the system state, an n-vector, and u is the control, an

m-vector. «” is a scalar variable which measures the quality of control.
If u(s) is any control function on the interval [{,, t] we will write the

corresponding response of equations(a) and (b) as £,(t) = (a%(t), zu(t)).

The control u is restricted to a set @ — R™. It is assumed that either Q is
compact or that h, and h° are such that

max { Ne b (u, t) + N'h’(u, t)}

u€EQ

exists for each ¢ € [ty, Tland A = (A% A) € R"™ with A’ < 0.
It is further assumed that f°(x, t) is a single valued, convex function of
x for each ¢t € [fy, T, that is,

af* 0 0
9 (x,8) (w0 — ) + [ (=, 8) = [ (w,t)
forallz, o € R*and ¢t € [, T].
Definitions,
(a). u*(s) on [ty, 7] is an extremal control if for some
M) = vy N - N") and A’ = constant < 0,
N R (u*(s),s) 4 A(s)eh(u(s),s) = Max (N h°(u, s)
u€R
+ A(s) +h(u, 8))
where

* Received by the editors May 1, 1963 and in revised form June 21, 1963. The work

was done at the Minneapolis-Honeywell Regulator Company with support from
NASA contract NASw-563.

t Institute of Technology, University of Minnesota, Minneapolis, Minnesota.
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o0
A= —A"(ON =N %/5 (e (8), 1), (" denotes transpose).
Here 2,+(t) is the response corresponding to u*(s), lp < s <t < T

(b). The control u(s) is allowable if it is a measurable real valued vector
function with range in @ on [t,, T.

(¢). The set of attainability K (7', xy) is the collection of end points of
the responses £,(t) = (x.(t), u(t)) which initiate at (0, o) for all allow-
able controls u(s) on [, 7.

The problem of optimal control studied here is to select allowable con-
trols u(s) which “steer” the response x,(¢) from the initial point zy at
time fy to a prescribed target set @ at time 7' < o and minimize the cost
functional of control C'(u) = ¢(x(T)) + 2°(T). Here ¢ is a continuously
differentiable function of x. An allowable control which provides an ab-
solute minimum for C'(u) amongst the set of all allowable controls which
steer x,(t) from z, to G is called an optimal control. Note, the free end
point problem results when ¢ = R".

Let us establish a basic inequality for this problem.

LemmA. Let u*(s), ty < s < T, be an allowable extremal control wilh

corresponding response £,+(1) which initiates at £(ly) = (0, x(tv)), then
NT) « 8a(T) = NT) « 6 for N < 0and all & € K(T, x).

Proof.

Consider
d(Neys)

T A dhe 4 Nty 4+ Nodiys

N 6) + R 1)) +<_A'<m 2, t)>°xm

+ Ao (A By + B(u*, 1)),
Upon integrating both sides between {, and 7" we obtain
T
N @oe (1) 4+ M) e (T) — Nt ea(ty) = f {N’(f“(xu*(t), )
to

_ g{; (xu*(t),t)oxu*(t)) + \° 0 (u*(t), 1) + )\(t)°h(u*(t), t)} di.

Let x,(t) be any other response with initial value zy = x(f) for which
we calculate
r
0

N2 (T) + N1 2o (T) — Nto) ez (ty) = ft {x" <f°(9cu(t),t)

— 2 0,090 ) X0, ) MO hCl0), 0}
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But

MR (W), 8) + N« b (1), ) = AR (u(t), t) + A1) « h(u(l), 1).
Thus if

)\n<f0(xu*(t); t) - g'/x; (xu*(t); t)'xu*(t)> ; >\0<f0(xu(t)y t)

— g'.[_) (2 (), 1) ‘xu(t)> ’
€T

we obtain the desired inequality. This is certainly true if \* < 0 and
af’ af’ :
5{« (@ (1), 8) e () — [ (@us(8),0) 2 % (2 (1), 8) s (1) — S (@u(2),1),

. . . .. 0
which is the convexity condition on f.
Thus we have

N () + M)« () 2 N2 (T) + NT) « 2.(T)
or

NT) « 2(T) =2 NT) » &

all® € K (T, ) and the lemma is established.

The basic inequality of the lemma enables us to establish the sufficiency
of the maximum principle in a number of cases. These results are sum-
marized as

THEOREM.

(A). Consider the cost functional of control C(u) = z"(T) and as largel
sel G a point x, . Let w*(s), o < s < T, be an allowable extremal control
which steers the corresponding response x.»(t) from xo al o lo x, at T, then
u*(s) is an optimal control.

(B). Constder the cost functronal C(u) = g(x(T)) + 2(T) with g(z) a
convex function of x and consider the largel set G = R", (this is the free
end point problem). Let x(ty) = x. Then u*(s), v £ s £ T, is an
oplimal control if it is an allowable extremal control with N(T) = (—1,
- g% (2ux(T))), (The condition on A(T) is a so called transversalily condition).

(C). Consider the cost functional C(u) = z"(T) and the convex, closed,
larget set G = {xly(x) < ¢} C R", where v is differentiablz and ¢ a constant.
Let u*(s), lo = s = T, be an allowable extremal control which steers x,+(t)
Jrom x at by lo 21 € G at T with N(T) an interior normal' to G at x.(T) on

1\ is an interior normal to @ at x on dG if the vector N is orthogonal to a sup-
port plane of G at z and is directed into the halfspace containing G. Thus G need
not have an interior to have interior normals. Note if G does not have an interior we
can still approximate it by a v(zx).
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0G, then w*(s) is optimal if such a control exists. (If there is no such u*(s)
then the minimum may occur interior to G in which case (B) applies with
NT) = (=1,0,0---0) and if G is just one point part (A) is obtained).
Proof.
(A). From the lemma

NT) « 24(T) Z2XN(T) +a for N’ <0 all &¢ K(T,x).
Thus

M) * 2 (T) 4+ N2’ (T) = MT) « 2u(T) + N2 (T).
But, comparing only those responses that end at z; , that is, those for which
Tu(T) = z,(T) = x1, the basic inequality becomes

N2 (T) = N2 (T).

Since A’ < 0 we have C(u*) = 2, (T) £ x.” (T) = C(u) and therefore
u*(s) is optimal.

(B) With M(T) = <—1, :(—9%0— (2 (T) )> the inequality of the lemma is

‘_?a‘q‘ (xm(T))-xu*(T) - x?“(T) g '_—6(1 (xu*(T))'x“(T) - x“O(T>
. ox

Adding and subtracting g(z.«(T)) on the left side and g(x.(7)) on the
right side the last inequality becomes

~a(T) = (2 (T)) + (2 (1) = % (2ou()) e (1) 2

—8 (1) = g(2u(T)) + g(a(1) = 5L @l 1)) (1),

But,

g—% (2, (T)) + (2(T) — 2(T)) + g(x(T)) = g(2(T))

if ¢ is a connex function of x. Therefore
—C(u*) = =2 (T) — g(2ux(T)) 2 —2.(T) — g(xu(T)) = —C(),

or C(u*) £ C(u). Hence part (B) is established.
(C). Assume for simplicity that v was picked to be a convex function
on (¢ with G = {z|v(z) = ¢}. Consider only boundary points wx.+(1")

where it is required that N(T") = k {—% (2u(T) )} in order for A(T') to

be an interior normal to G at z,«(T) on dG, (let k = 1).



A SUFFICIENT CONDITION OF OPTIMAL CONTROL 245
The inequality of the lemma can then be written

AT our(T) = N 2an(T) + {— g—% (xm(’!’))}%u*(T) = NT)-2.(T)

— 2T + {-gg <xu*<T>>}'wu<T>

If 2.,s(T) is on the boundary of ¢ it is also true that y(2.(T)) = ¢ =
v(2.(T)) for all allowable responses x,(1"). Adding the last two inequalities
we obtain

>\0 xg* {l’) - g—z (xu*(T))'xu*(T) + 'Y(:bu*(T)) é )\0 xuO(T)

= I (@ (1) (1) + (2T,

But again if z,+(7) in on 6G and x,(¢) is in the connex set G we have
d
a_; (2,2 (17)) + [2r(T) — 2, (T)] + ¥(@u(T)) = v(2w(T))

and therefore
C(u*) < C(u).

Remarks. If the set of attainability is closed there will exist optimum
control provided there is at least one control that steers the response to
the desired end point z; € @, assuming G is also closed. The property of
closure is discussed in [2] in which a bibliography and discussion of cases
are presented. The set of attainability is also known to be closed if hA(wu, )
= B(t)u, f'(z,t) = x « W(t)z and 1’ (u, t) = w « U(t)u, for W(t), U(¢)
positive definite on [ty , T'].

When the set of attainability is closed, in the above case, the inequality
of the lemma establishes that its lower (exterior normal with A" < 0)
surface is convex. For if it was otherwise we could be led to a contradiction
of the maximum principle. Note that the transversality condition [1]
follows from the established inequality of the lemma since \(7') must be
an exterior normal of K(T, ) at the corresponding response end point,
2.(T).
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GENERALIZED CURVES AND THE EXISTENCE OF OPTIMAL
CONTROLS*

R. A. GAMBILLY

Introduction. Consider the following problem in optimal control:
Determine if there exists a vector function (1) belonging to a preseribed
class of functions @, which minimizes the functional

W 1) = [ ) 4 £, 20,4, 2(0)

subject to the conditions;
(a) differential equations

(b) inequalities
(3) h(t, x,u) =z 0
(¢) end conditions
(41} (t07x(t0>) € EU’ (tl’x(t1>) € El)
Iy and F, being prescribed closed sets in n + 1 dimensional number space.
x is an n-vector (the state vector) z = (a', - -+, 2"), u an m-vector (the
control vector) u = (u', ---,uw™), g an n-vector, h a ¢-vector (¢ = 0), ¢

will be called time. We restrict the class of functions @ to be the class of
bounded measurable functions, that is, each component of the vector w(¢)
is a bounded measurable function defined on the interval [ty , #]. Also, as
soon as a particular control function u(t) € @ is chosen, we consider only
the resulting absolutely continuous solutions of (2), satisfying (3) and (4)
(if such solutions exist).

This problem has received attention in several recent papers, we mention
here only a few, [2-4, 10, Chap. III, 11, 13]. Very briefly, the nature of
these theorems is as follows: If the functions f, f°, g, h satisfy specified
smoothness properties and are of a certain form and if there is one function
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u € @ for which the conditions (2), (3), (4) are satisfied, then there is a
function «* € @ and satisfying (2), (3), (4) for which the functional I(u)
attains its minimum with respect to all such functions u. It seems that the
most difficult step in such theorems is to show that the set of all solutions
of (2) obtained by letting u vary in @, and satisfying (3), (4), form a
closed set.

It is the purpose of the present note to examine these theorems from the
point of view of the direct methods of the calculus of variations, in par-
ticular, employing the concept of ‘“‘generalized curve” invented by L. C.
Young [12], and developed further by E. J. McShane to study problems of
Bolza in parametric form [5-7, 9]. It is a rather striking property of the
space of generalized curves that a topology may be defined on the space
which leaves every integral of the caleulus of variations continuous while
at the same time preserving compactness of certain sets of generalized
curves (§1). Thus, since differential equations (2) and inequalities (3)
can be expressed as isoperimetric conditions (§2), the problem mentioned
above concerning closure of the solution space of (2) is immediately solved
in the space of generalized curves.

A simple observation is needed to transform the above problem directly
into the type of problem which we shall analyze. Put

W(t) = &), () = 0, ji=1,2,--,m

We now identify z(t) as an n -+ m vector
a(t) = (@'(1), -+, 2" (1), 2" (), -+, 2",
B(t) = (&), -, 3"(0), "), -+, ")
= (@'(1), -+, &" (1), u (1), -+, u"(1)).

The sets o, I, of (4) are replaced by closed sets B, = E, X 0, By = E;
X V, where 0 is the m-dimensional 0-vector and V is a closed set in m-
dimensional number space containing all the points (z"*'(%), ---, "t
(t1)), for u € @ We may now pose the above problem in the following
way: Let K, represent the class of absolutely continuous vector functions
z(t) satisfying

(a) differential equations

2 & =g, e T e E T =1,2, 0.
(b) differential inequalities

(3') h’j(t7 xl y T axn’¢n+ly T ’$n+7n) = 0,

j€el, I a countable index set.
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(¢) end conditions
(4) (b, @(te)) € Bo,  (b,a(t)) € By

Determine if there exists a function z*(¢) in K, which gives the functional

31
’ I= f(t) .’L‘l, 7x"7 x'"-H’ ;-’i:"+m) dt+f0(t0;xl(t0))
() to

tt ’xn(to)’tl)xl(tl) y T )xn(tl))

its least value with respect to all functions z(¢) in K, .

Generally, the results of this note are simple translations of results
already obtained by MecShane [5] for generalized curves in parametric
form. Thus, we will use the notation of that paper and of the paper of
Botts [1] in our development. The proofs of many of the lemmas and
theorems which we state are already contained in the above mentioned
papers, and we shall often appeal to a particular paper and page number
for a proof. It is not the purpose of this note to establish new theorems,
but only perhaps to draw attention to this method in the caleulus of varia-
tions of analyzing problems in optimal control.

1. Properties of generalized curves. Let x, r be »-vectors and ¢ a real
nurmaber. Let [r| stand for the Euclidean length of the vector . Let @ be the
set of all continuous real valued functions ¢(r) defined for all ». We con-
sider a class of functionals 9 defined on @ with the following properties:
(5) 9 is lLnear; that is, for each pair of real numbers a1, o and each
pair of functions ¢;, @2 € Q, M(aupr + oope) = a1 M (o1) +
M (p2).

(6) o (1) =1

(7) 9 is non-negative; that is, if ¢ = 0 then N (¢) = 0

(8) 9 is determined by the values of ¢ on a bounded set B(9) of values
r; that is, if ¢;, @2 € Q and ¢; (B) = ¢2(B) then M (1) = M (¢2).

The following two lemmas are immediate

Lumma 1. 9 2s determined by the values of ¢ on B if and only if M(p)
= 0 for every function ¢ € Q which vanishes on B.

Lemma 2.

(a) M (1) = Me2) of e1(r) = @a(r) for all v € B.

(b) |9n(e)| = om(ll)

() B(e)| < lubyea lo]

(d) f on — ¢ untformly on B, then limy-e. M(p,) = M(p).

We are now ready to define a generalized curve. Ifor background and a
heuristic discussion of these objects, see [5; pp. 513-515].

DrrinrtioN 1. A generalized curve (hereafter referred to as GC) is a
system consisting of a vector function z(t) = (2'(t), ---, 2" (1)), to = ¢
< t, a subset M of the interval [y, #] of measure &4 — &, and a one
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parameter family of functionals 9M(¢; ¢) defined for all ¢ in M and all ¢
in @ with the properties;
(9) The functions 2°(¢) are absolutely continuous on [t , ] with finite
derivatives on M.
(10) TFor each t in M, M(1; ) satisfies (5) — (8).
(11) Yor each ¢ in M, and for () = ', M(t; ) = &'(¢), 7 = 1,2, -- -,
v (we write M(L; ") = &°(¢)).
(12) For each ¢ in Q, M (t; ¢) is measurable on M.
The closure of M is denoted by M.
We denote a GC by

C*:la(1), (L5 0), M),

The ordinary curve in » + 1 space defined by the functions z*(t), tp < ¢
<t,i=1,2 -, vis called the track of C*.

DrrinttioN 2. Let F(t, x, r) be a function defined and continuous for
all z, r and for all t; 4 < ¢ < t,. Let C*:[x(t), M(t; @), M] be a GC. Then

131
J(C*) = o F(t,2(t),7)) dt,

0
provided the integral exists. We adopt the convention that the function
Nu(t; F(t, xz(t),r)) = 0 on the complement of M.

Remark: If one considers the space of absolutely continuous vector

functions x(¢) = (2:(t), -+, 2a(t)) on [, &1}, with the uniform metrie,
then the only integrals

f:l F(t,2(t),c(t)) dt

which are continuous are those whose integrand functions F are linear in
2(t). With the introduction of generalized curves, one can make every
integral continuous (definition 4) while still retaining compactness (Theo-
rem 1). A generalized curve is essentially an absolutely continuous function,
together with an “average value” 9 computed at each value of F(t, x(¢),
(1)), with this value then being used to compute the integral of F along
C*. The following example will illustrate: Let z, be a sequence of real
valued continuous functions on [0, 1] defined as follows:

2 4
0 t—O,%,%,"',
1 1 3 2n — 1
=J——- = — —
(1) 2n t 2n’2n’ ' 2n
. E kE+1 _ _
Lhnear on [%, S :lk =0,1, ,2n — 1.
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Then &,(¢) is alternately +1 and —1. If F(¢, z, &) is any continuous
integrand, then

lim ' , 1 .

5 [ P, 80) d = 5[ 16,0, + F(,0, — D)t

For each function z,(t) we define
mn(ta F(ty xn(t)y 7')) = F(t) xn(t)y xn(t))) n = 17 27 T

that is, at each point ¢, the value of 91, is simply the value of F with the
derivative of z, inserted in the third argument. [In case this is the rule for
computing the functional 91, the generalized curve will be called an ordi-
nary curve (definition 8 and lemma 10)]. For the curve =, (¢) = 00 = ¢

< 1, we define M (¢; F (¢, 2o(t), 7)) = % [F(t, 20(t), 1) + F(&, zo(t), —1)],
Then

1 1
lim | 9. (t; (Ft,x,(t),r)) dt = [ Mo (t; F (8, 20(t), 7))dt
n->w0 Y0 0
Let |1, 7] stand for (1 4+ >_i_y™)"”, then
Durintrion 3. If 9(¢; |1, #|) is summable, we say that C* is rectifiable
and its length is given by

131
L(CY) =f m(t; | 1,7 |) dt
to
LumMa 3. If C* is rectifiable, then so is its track and
ty ty
f [1,2(0)] dt < f m(t; | 1,r|)dt [1,p. 376).
to to

Lemma 4. If C* s a GC, and (1, r) is defined and continuous for all
t € [to, t,] and all 7, then M(t; (1, r)) 2s measurable on M. [5; p. 517].

We assume henceforth that the determining sets for our class of GC’s
are uniformly bounded, that is,

(13) there is a bounded set B < R’ such that for each C*:[x(t), In(t;

¢), M] and for each ¢ in M, B is a determining set for NM(¢; ¢).
This assumption implies that the derivative of the track of C* is bounded
on M, and that C* is rectifiable.

RemMArK 1: The assumption (13) is not so restrictive as applied to
control problems. For example, we shall see that if the control vector of the
introduction is constrained to lie in a bounded set of R™, the corresponding
determining sets for the problem are automatically uniformly bounded.

Lemma 5. If C* is a GC and F(t, x, r) is continuous on [ty , t;] X R’ X
R’, and (13) holds, then the integral

J(C*) = /:1 (e, F(t,x(t),r)) dt exists. [1, p. 376].
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RemMARK 2: If (13) does not hold but it is supposed only that C* is
rectifiable, then the conclusion of Lemma 5 does not follow. For example
consider the ordinary curve (in E®)z(1) = Vil =1 + tan™ A/1/1 — ¢

1 1
0=<t=1,then l V14 @) dt = 2, however[0 (1 + @*(¢)) does not
exist,.

We shall presently discuss families of GC’s with the property that if
Cy* [ (), (L, @), Mil, Co:lwa(t), Ma(t, @), Ms] are two members of the
family, the intervals M, , M, may be different. However, each family we
shall discuss will have the property;

(14) there is an interval [{,*, 4,*] such that the set M for every member of
the family is contained in [t,*, t*].

If C*:fa(l), (L, @), M), M = [t, 4] is a GC and [t;*, #,*] is any interval

with the property " < t =4 = 4, it will be convenient to extend the

definition of C™* to the set [t &) UM U [ty , 4,*] = M in the following way:

Define

z(t) LE Ty, b
OREICO A
(t) L€ b, 4"

2(0) teM — M.

With this definition, the system C*:[#(t), 91 (¢; ), M] is also a GC.

We adopt the following definition of convergence of a sequence of gen-
eralized curves [5; p. 518].

DurINITION 4: The GC Co*:lzo(t), Mo(t, @), Mol, Mo = [l t] is the
limit of the sequence {C\": [z, (1), Ma(t, ), M), M, = [lon , bial} of gen-
eralized curves if

(L, ) = {mu, o) tEM

(a) lim {| lon — {/()‘ + llln - il‘ -+ , [tSUIt) : ‘.’Z’n(t) — i‘i'o('[) l} = ()
n->w eltg*, t1*
(b) for every integrand F(i, z, r) which is continuous on [t*, 4*]
X R X R
i ¢

lim [ 9.4 Pt 2a(t), 7)) db =

n->0 vYigy,

"o (8 F 1, 20(1), 7)) di.

Lo
DeriniTioN 5: The generalized curves Cy*:[zi(1), M (L; o), My,
M, = [to, tul, Cy" s a(t), Ma(t; @), Mo, My = [t , bio]
are identical if

(a) [t — loo| + |ty — tia| + sup ] [2(t) — ()| =0

te[tonsto2
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(b) for every integrand F({, z, r) which is continuous on [t , &)
X R X R
t t1

ol T (8, 1)) de = [ oMt Pt ws(t), 1)) d.

to1 tog
With the definition 4, if F(¢, z, r) is continuous, then the integral J(C™)
considered as a functional on the space of generalized curves, is con-
tinuous.

The following lemma which will be useful in the proof of the compactness
theorem is immediate.

Lumma 6. Referring to definition 4, if (a) is satisfied, and if

t* i
limit t 5N, (t; F(t, %,(1),7)) dt = t Ny (t, F (L, 7(1), r) di
n->00 o* 0*
Jor every function F(t, x, r) continuous on [L*, 4,*] X R’ X R’, then (b) is
satisfied.

TaeorEM 1. Let A be a compact set in R, and let T be a compact interval
of the real line. The set of generalized curves whose tracks lie in T X A and
which satisfy (13) is sequentially compact.

Proof: Let {C.*: [z, (), Ma(t; @), M,), My = [lon, tia)} be a sequence of
generalized curves satisfying the hypotheses of the theorem. Let B C R’
be a compact set which serves as a determining set for each C,*. Let T':{:1"
<t £ ,"}. For convenience denote the set 7' X A X B by W.

Since T X A is compact, we may select a subsequence of the C,*, retain-
ing the notation of the original sequence, so that {lp, , .(fn)} converges
to a limit as n — .

Select a further subsequence, (retaining the notation) so that {t,,
Zn(tin)} converges to a limit as n — .

Extend each C,* in this last subsequence to (.. If we can extract a sub-
sequence of the C,* which converge to a limit GC C,*, then by Lemma 6,
the corresponding C,,* will converge to Cy*. Because of the hypotheses of
the theorem we need to consider only those integrands F (¢, x, r) which are
defined and continuous on the compact set . With this in mind, and with
minor changes in notation, the remainder of the proof follows exactly as
in [5, pp. 522-525], and will not be repeated here.

2. Existence theorems. Let K denote a specified class of generalized
curves. Let F(t, z, r) be a continuous integrand. Let m denote the g.L.b. of

i1
J(C*) = f M(L; F(t, (1), 7)) difor C* € K.
to

DrriniTioN 6: A “minimizing sequence” is a sequence of generalized
* . . .
curves 0,5, C,* € K such that lim,.., J(C,*) = m. The following assump-
tion is basic for our purposes
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(15) There exists a minimizing sequence {C,*} satisfying (13), (14) and
such that the track of every C,”* lies in a compact set [t,*, #,*] X E,
EcCPR.

TaroreM 2. Let K be a closed class of generalized curves. Let F(t, x, r)
be continuous on [ty', &,*] X E X R’. Let (15) hold. Then if K is not empty
it contains a GC Co* such that J(Co*) = J(C™) for all C* in K.

Proof: Let {C,*} be a minimizing sequence. By Theorem 1, there is a
subsequence (suppose it to be the whole sequence) which converges to a
GC . Cy* € K since K is closed, and

lim J(C,*) = J(Co) = m

since the integral is continuous. [5, p. 527]

ReMARK 3: Let g be a function defined and continuous on a closed set
G in R”**. Let the hypotheses of Theorem 2 be satisfied. IFor each curve
C*:la(t), M(t; ), M), M = [ty, 4], let (o, x(t), t, x(t,)) € G. Then if
K is not empty, it contains a GC C,* for which the functional J(C™)
+ g(to, (), t1, (1)) assumes its minimum value relative to the class K,
since ty, x(%), t , () are continuous functionals on the class K.

We investigate now some conditions under which the hypotheses of
Theorem 2 are satisfied. If G(t, x, r) is a given continuous integrand, let K
be the class of all generalized curves satisfying

(%) = f oM(t; (1, 2(1), 1)) di =

where v is a given constant (isoperimetric condition). By the continuity
of every integral, if 1(C,*) = v and lim,.. C,* = €0, then I(Cy*) = 7,
thus the class K is closed.

A differential equation may be written as an isoperimetric condition with
the following definition.

Drrintrion 6: If C*:[x (1), M(L; ), M] is a GC and f(I, x, r) is con-
tinuous, then (™ satisfies the differential equation

(16) JU, ) =0
it
(17) e | £ (), ) db = 0.

Thus, the class of generalized curves which satisfy (16) is a closed class.
ReEMARK 4: A differential inequality h(t, x, r) = 0 can be written
as a differential equation by the following device: Put f(¢, x, r) = min
[0, h(t, z, )] = 0. Thus, any class of generalized curves which satisfies a
differential inequality is a closed class. Since the intersection of any number
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of closed classes of generalized curves is closed, it follows that the class of
generalized curves which satisfies any collection of differential equations
and inequalities is closed [5].

Assumption (15) will be taken up in the next section.

3. Vectors carried by a GC. The concept of “vectors carried” by a GC
[5, p. 529] is useful in formulating existence theorems for optimal controls.
The “vectors carried” are the points r used in computing the function
N(¢; ¢). To be precise:

DrriNmioN 7: If C*:lz(t), M(L; @), M) is a GC and I € M, the vector
7 is carried by C* at x(I) if for every non-negative function ¢ such that
¢(7) > 0 the inequality (7, ¢) > 0 holds.

Lemma 7. The set of vectors carried at x(1) s closed and bounded 1[5,
p. 530].

LuvMma 8. For each T ¢ M, the value of 9(T; @) s delermined by the values
of ¢ on the set of veclors carried by C* at 2(7) |5, p. 530].

Lumma 9. The GC C*:[x(t), M(L; ), M| satisfies the differential equa-
tion f(t, z, r) = 01f and only if for almost all t in M the equation

(18) J(, 2(t),r) =0
1s satisfied for all vectors r carried at x(t) [5, p. 530-531].

4. Existence theorems for optimal controls. In this section, we first
state conditions which assure the existence of a minimizing GC for problem
IT of the introduction. These conditions are then strengthened so that the
minimizing GC for that problem is an ordinary curve or, in the language of
problem I of the introduction, that an optimal control exists. The relation-
ship between ordinary curves and a subset of generalized curves must first
be established.

Derinttion 8: A GC C*:[z(1), M(1; ¢), M is an isomorph of an ordinary
curve if for almost all ¢ in M, the value of the functional M (¢; ¢) depends
on the value of ¢ at a single point r; . [5, p. 519].

Lumma 10. IS the ordinary curves C and the isomorphs C* of ordinary
curves are put into correspondence by lelting each C* correspond lo ils own

track the correspondence 1is one-one, and for every conlinuous integrand
F(t, x, 1),

by N
(19) f (e F(t, x(t), r)) dt = f F(t, z(t), ©(t)) dt.
to Lo
Proof: If M(¢; ¢) depends only on the value of ¢(r) at r = r,, then by

(10) M(t, @) = @(r), and by (11), if o(r) = *, then r,/ = &'(1). Hence,
if F(1, z, r) is a continuous integrand, we have
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M(t; F(t, x(t), 1) = (L Pt (1), 1%, -+, 1)
= F(t) x(t); rlla ) I"Lv) = F(t7 x(t)7 xl(t)7 Ty x,’(t))

= F(t, x(1), @(1)).

This holds for almost all ¢ in (4, &), so (19) follows by integration. Let two
isomorphs €1, Cy* of generalized curves both correspond to C:z = z(t),
[to £ t £ 1], then by (19) J(C,*) = J(C.*) for every integrand F, hence
by Definition 5, the generalized curves Cy* and €y are identical, and the
lemma, is proved [5, p. 519].

ReMark 5: If C*:[x(t), M(4; @), M] is an isomorph of an ordinary curve
Ciz = z(t),to £t £ &, and C* satisfies the differential equation f(¢, z, 1)
= 0, then so does C, i.e. f(, z(t), @(t)) = 0. That is, the track of ¢ satis-
fies the differential equation in the usual sense. Henceforth we shall refer
to “isomorphs of ordinary curves” as “ordinary curves.”

Referring to problem II of the introduction, let x, » be n 4+ m vectors.
Let K, be the set of generalized curves satisfying (2'), (3"), (4"). Condi-
tion (4') means that the tracks of the generalized curves satisfying (2'),
(3') have endpoints in Eo, E; respectively. Let [t", 4] be the interval
described in (14). We make the following assumptions:

(20) There is a compact set I C [to", 4*] X R" X R™ which contains
the track of each GC in K, .

(21) Let B = {(ty xla ] xn>:(£, .’L‘l, T xn7 x7L+]7 ) xn-l-m) € E}
Let Q(t7 xly ) xn) = {(,,_n-H’ ) r1l+m):hi(t> .’Bl, T xn’ Tn—H}
Sty =2 0,4 € 1.
Assume that for each (¢, 2", ---, 2") € E the set Q(¢, «', - -+, 2")
is compact, and that the union of the sets (¢, ', - -+ , ") over all
(t, 2, -+, a") € E is compact.

(22) The functions k', ¢°, f, f* are continuous in their arguments.
TaroreMm 3. [If K is not emply and (20), (21), (22) are salisfied, then
there s a GC C* in Ko which gives the functional

(1/) [(C*) - ‘/;:1 m(t7 f(t7 x1(t)7 Y xn(t)7 Tn—H) T rn-{-m)) dt
+ o, 2 (t), -, 2" (), by 2 (h), -, 2"(1))

ils least value with respect to all generalized curves in K .
Proof: By Remark 4, K, is closed. By (20), (21), (22), there is a com-
pact set in R™ which contains every vector (', -+, r") satisfying

(2’) o= gj(t, :1;1’ R A 1‘"+1, e, 7~"+m) j=1,2 -, n.

Thus there is a compact set E* < R"*™ which contains all vectors
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(' o, e ™ ™) satisfying (27), (37). By Lemma 9, E¥ con-
tains the set of vectors carried by each member of K, , and by Lemma 8 E*
serves as a common determining set for K, . Thus the hypotheses of Theo-
rem 2 are fulfilled by K,.

We can now strengthen the previous conditions in order to assure the
existence of a minimizing curve which is an ordinary curve. In addition to
(20), (21), (22), we assume also:

(23) for each (1, 2", eyt € E, the set Q((, 2', - -+, 2") is convex.
(24) The functions ¢’ of (2') have the form
gj(t7 x17 Tt xn7 Tn-H’ Tt ,’_n+m) = ng(ty xla ] xn)

+ Zl gji(ty xly T xn)Tnﬁ—i’ .7 = 1> 27 N2

(The control appears linearly.)

(25) for each (f, a',---, 2") € B the function f(¢, z', -+, 2", """
., "™ is convex on Q(t, ', -+, ).

(26) there exists a minimizing sequence of ordinary curves in K .

Turorem 4. [f (20)—-(26) are salisfied, then there exists an ordinary
curve in Ko which gives the functional (1) ils least value with respect to the
class K, .

Proof: Let m be the g.Lb. of (1") with respect to K, . Notice that m is
finite. Let {C,} be a minimizing sequence of ordinary curves. By Theorems
1 and 3 there is a subsequence (retain the notation) converging to a GC:
Ch — Co*:mo(t), Mo(t; @), M] with the property that Co* € K, and 1(Cy")
= m. We show first that the track of Co* is in K.

By (5), (6), (11), (24), and Lemmas 8, 9, 10, we see that for almost all
tin M,

0 = o (57" = 0,0, -, a(0)
- é g9 (4 2" (8), -+ -, xo"(t))r"“)] = /() — go'(t, 2" (1), - -+ , 20" (£))

- Zl gij(t) xOI(t), Tty xon(t))xon_‘_i(t)) .7 = 1; 27 M (N

Thus, the derivative of the track of C,* satisfies (2'). For each ¢ in M,
n+1 n+m

the set of vectors (+"*', -+, r"™™) satisfying (3') lies in the convex set
Qt, zo'(t), -+, z"(t)). By Jensen’s inequality [8] the vector
(Mo(t; 7™, -+, Mt 7))

also lies in Q(t, @' (¢), -+, " (t)).
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Thus by (11), the vector (&"™(t), ---, & "™(t)) Les in Q(t; x'(t),

-, x"(t)) for almost all {. Hence the derivative of the track of C\o*
satisfies (2'), (3"), and so the track of C,* is in K. By Jensen’s inequality
[8] and (25) we have

Mo(t; f(L; 20 (), -+, 20" (1), ", -, 7™)
g f(t: x()l(t)) ) xon(t)) £0n+](t), ) j:0n+m(t))
for almost all ¢.

But the integral of the left side of (27) is equal to m which is the g.lb.
of 1(C*) on K, , hence the integral of the right side of (27) is equal to m,
and the proof is completed [cf. 5, p. 532].

ReMarK 6. Theorem 4 appears in only a slightly less general form in
[4, pp. 38-42]. It is interesting to note that the method of proof given here
yields the additional fact; in the language of the control problem the
minimizing sequence of Theorem 4 has the form

{on}:{xnl(w, e, [ ww, unmu)}

on

(27)

and a subsequence of {C,} (retain the notation) converges uniformly to the
track of C,*. But as we have seen, the track of Cy* yields the minimizing
curve for the problem, hence the “optimal control” u = (u', ---, u™) is
given by
k d 3 ! k
w(t) = = lim U, (1) di E=1,2 ---,m.
At nsw i,y
We shall see shortly that in some instances where conditions are imposed
which assure the existence of an optimal control, that a minimizing se-
quence does not necessarily yield up the optimal control in the above sense.
For the next theorem [11, 13], we drop condition (23) and replace (24) by
(24") Referring to (2'), for each (¢, 2', --- ,2") € E, the set of vectors

S = {(gl(t) xly ,xn, Tn_HJ ] rn._}.m); ]

gn(ty xly ] xn, rn+l’ ] Tn+m)) : (rn—!-l, Tty 7'”+m)
ced,a, -, 2"}

is a convex set in R".

TueoreM 5. If (20), (21), (22), (24"), (26), are satisfied and if f = 0,
then there exists an ordinary curve tn Ko which gives the functional (1) s
least value with respect to Ko .

Proof: Let m, {C,}, Co* be as in Theorem 4.

As in Theorem 4 we have for almost all {in M and all 7,7 = 1,2, -- -, n.



258 R. A. GAMBILL

0 = Mo(t; 7" — g'(t, o' (1), - -+, @™ (t), r" ™, -, r™™))
@0 (1) — Mo(t; g7 (4, o' (1), -+, o (1), "y oo, 7™ F™).
By (24') and Jensen’s inequality [8], the vector
Vo= [90(t; ¢ (4 o' (6), -+, o (1), 7", - :
Mo(L; " (b, 20’ (1), -+ 5 " (1), ", o, 7))

is in S, so there exists a vector (at least one for each ¢) (r" ", -,
"™ € QL 2o (1), - -+, 20" (t)) such that

V= [Ql(t, xol(t)) ) xon(t); 'rtn-l_l; R} Ttn+m)7 R}
gn(ti xﬂl(i’)a Tt xon(t), Tin+l, Ty Ttn+m)]'

We cannot conclude here that 7."*7 = &"/(¢), however using a lemma of
Tillipov [13, p. 78], we can construct a measurable vector valued function
w(t) = (W), -+, w"(t)) such that u(t) = (", -+, ") for some
vector (r," ™, --+, r"™™) satisfying (28). Since the components xo" (1),
j=1,2, -, mof the track of Cy" do not appear explicitly in the problem,

, rn+m>’ .

(28)

t
we may replace these by f \ ¥ (1) di without changing the value of f° along
t
i
Co*. Thus, the ordinary curve C = (o'(), ---, 20"(1), f u'(t), -,
to

t
f u™(t)) is in Ko, and is minimizing, and the proof is completed.
to

ReMArK 7. If the integrand function f # 0 but independent of u, then
Theorem 5 holds, for the integral along C,* is unchanged by the construc-
tion of u. If f # 0 and depends explicitly on u then the problem may be
reduced to one in which f = 0 by the familiar device of adding another
differential equation to (2') and another term (depending only on the
endpoints) to f°.

Remarx 8. Except for minor changes, Theorem 5 already appears in
[11, 13]. The assumption (20) implies that the solutions of (2') (in the
ordinary sense) which satisfy (3') (4') are uniformly bounded. Further
explicit assumptions on the form of the functions ¢, B’ could be made to
assure that (20) holds [4, 11, 13].

Example 1. The construction of u(¢) in Theorem 5 indicates that the
minimizing sequence {C,} may contain no subsequence which converges to
the minimizing curve in the sense of Remark 6. This is indeed the case; let

u12 + u32 =1
I = P + P2U2 u22 + u42 =1
T2 = pius + Paths P =1
CL’3=‘—1 Oéplél, Ospg

Il

I\

1
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1
I = f (z* + z2°) dt.
0

Ky and E; are the points (0, 0, 0, 1), (1, 0, 0, 0) respectively.

Here n = 3, m = 6, the state vector is x(¢) = (a1(t), 22(1), x3(t)) and
the control vector is w(t) = (ui(t), ua(t), us(t), wa(t), pr(t), p2(t)). (Sub-
scripts are used here to denote components of a vector.) Kach of the
equality constraints on the controls could obviously be replaced by two
inequality constraints of the form (3'). Conditions (20), (21), (22), (24")
are satisfied, with Q(¢, x1, 22, x3) independent of (f, x,, x2, x3) and S is
the convex set in R*: S = {(x1, @, @) ia’ + 22" £ 1, 25 = —1}. For this
problem, m = 0, and the gl.b. is attained by taking, for example, u;(t)
= w(t) = 1/v/2, w(l) = w(l) = —1/4/2, p(t) = ps() = 1/2. Con-

sider the sequence of controls

Uk (t) = ux(t) = cos 2wkt
u;;k(t) = u4k(t) = sin 2wkt
pi(t), po(t) arbitrary.

This sequence of controls yields a minimizing sequence for the problem,
with

sin 27kt 1 — cos 2wkt
e r(l) =

au(t) ok’ 2k ’

xak(t) =1-1

en() = on(l) = ]0 we(8) = 2ul), wolt) = wnlt) = f we(l) = wm(0),

‘47]A4
22k "

1(C)

If we take the limit along any subsequence, there is obtained

limit () = 0 j=1,24,56,7,

k>0

and

l;lcmit 1(C) = 0.
Thus, one cannot take the optimal control in the sense of Remark 6, for
that control would not satisfy the constraints w4 ous = ur +oud =1
[4, p. 43], [2].

RemMArK 9. If the hypothesis of Theorem 3 are satisfied, and if there is
no ordinary curve in K, which minimizes (1'), then the curve in (n + 1)
space defined by @' (1), -+ -, 2" (), to = t < 1, where the z,’(¢) are com-
ponents of the track of " of Theorem 3 has been called an “optimal slid-
ing state” by R. V. Gamkrelidze [2].
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ON THE EXISTENCE OF OPTIMAL FEEDBACK CONTROLS*
T. F. BRIDGLAND, JR.t

Introduction. Of the considerable number of papers dealing with prob-
lems of optimal control which has appeared in the recent past, most con-
tain little more than passing mention of what has been called ‘“‘the synthesis
problem’; i.e., the problem of expressing the optimal control as a func-
tion of the state of the system being controlled. LaSalle [1] comments
briefly on the synthesis problem in connection with time-optimal control
and Harvey [2] applies LaSalle’s ideas. A few other studies of the synthesis
problem in special cases exist, but the most detailed study of this problem
to date is that contained in Berkovitz’s comprehensive treatment [3] of
the general problem of optimal control. However, in [3], as in other studics
of optimal control, the synthesis problem is subordinated to the more
general “open-loop” problem.

In a recent report [4], Kalman has resurrected a little known technique
due to Carathéodory [5, pp. 198-201] which was originally devised for the
purpose of obtaining sufficient conditions for the existence of extremal
arcs in the simple problem of the calculus of variations. IFormally stating
this technique as a lemma, Kalman points out its applicability to the
synthesis problem. The results of [4], in the main, constitute a straight-
forward extension of those of [5], the major point of departure being the
introduction of differential side constraints of the form usually associated
with problems of optimal control.

The major virtue of the Carathéodory technique is that it permits a
direct approach to the solution of the synthesis problem; its major short-
coming, as manifested by the presentations in [4], [5], is the excessively
onerous requirement of differentiability for the admissible controls and
the functionals to be minimized. In this paper, we show that the Cara-
théodory technique is valid under much weaker restrictions than those
assumed in [4] and [5], thereby largely eliminating the shortcoming of the
technique while leaving its virtue untouched. Our principal results con-
sist of necessary and sufficient conditions for the existence of a unique
feedback control which extremizes a given criterion functional defined
on the space of trajectories of a control system of general type.

Formulation of the optimal control problem. For each ¢ = 0, we shall
denote by I(%) the half-line {{ |t < t < «} and by I(t), the one-point
compactification of I(4) obtained by adjoining the point at infinity.

* Received by the editors January 22, 1963 and in revised form May 12, 1963.

t The Martin Company, Denver, Colorado and University of South Carolina.
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When #, = 0 we shall write briefly 7, I. R* will be used to denote real
Euclidean k-space.

Consider the differential equation

(1) 7 =g, y)

where y, g are vectors in R". An equation (1) will be said to be of class A
if it possesses the following properties:

(A). for each (&, yo) € I X R", (1) possesses a solution (in the sense

of Carathéodory), y(t; to, o), satisfying y(to ; &, 7%) = o, which is

unique, continuous in the pair (¢, ), continuable to all of / and such
that, for fixed (¢, &), it satisfies a Lipschitz condition with respect to

o in each bounded region of R".

All of the differential equations considered in this paper will be assumed
to be of class A. The results on optimal controls to be derived in the sequel
may be established under less stringent conditions than those of (A) but
to pursue these generalizations in detail would tend to obscure the central
results of the paper.

We assume the existence of a control set, U, which comprises the totality
of functions, u(t), on I to R™, m = m, having values in a given bounded
subset, ®, of R™ and having components u;({), 4 = 1, ---, m, which are
measurable. The control system with which we shall be concerned is as-
sumed to be described mathematically by an n-vector differential equation

(2) &= [(L, @, ul))

which, for each w € U, is of class A. We shall need to consider a (feedback)
system related to (2),

(3) €T = f(ir x: Wﬁ(t; x))

which is also of class A. We shall consistently use the notation
x(t; by, o, u), T(L; Lo, xo) to denote respectively the solutions of (2), (3)
passing through the point (%, ).

In order to state the problem of optimal control with which we shall be
concerned, we must introduce the following notation. Denote by C the
set of all absolutely continuous functions on I to R™ and by S, the set of
all bounded, measurable functions, on I to R™, for which (2) is of class
A. Evidently U < S. We assume the existence of functions R(t; x, v) on
I X C X StoR',andt*(x,v) on C X StoI. Wemay then define a func-
tion Q(x, ») on € X S to R' by

Qz,v) = R(*(x, v); x, v).

For given (Lo, o) € I X R”, the differential equation (2), together with
the initial condition x(fy ; &, 20, ) = x, determines a mapping of S into
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C. Denoting by z, the image, under this map, of v € S, the problem of
optimal control is, given (ly, xo) € I X R", lo determine the sel of conlrols
U* < U for which uy € U* implies that

(4) Q(xuy , o) = min Q(xu , u)

when this minimum exists. Such a w, will be called an optimal control.

In view of condition (A), the functionals @, t* depend only on &y , 2o , v,
while the functional R depends only on ¢, &0, 2o, v, so that, henceforth, we
shall write these functionals in the following forms, respectively:
Q(ty, o, v), t*(to, 20, v), R(t; L, 20, v). In the sequel, @ will be styled a
crilerion; R, a generator, and t*, the final time. In addition, the range of
t* will be restricted to I(f).

It is important to recognize that, in most control problems, the differ-
ential equation (2) and the control set U are the fundamental entities
which are known and that the subsequent selection of a generator mani-
fests a desire to determine a control, uy, which is optimal relative to the
entire control set U and not just a subset thereof. This brings us to a dis-
cussion of the final time, ¢*.

Trivial examples of t* are the following:

Flly, xo,u) = T, th < T

(5)

= tU, T é [/0 )
and
<6> t#(t() y Lo, u) = ly + Ta

where in both cases, 1" is a positive constant. Both these examples provide
instances of optimization (i.e., determination of an optimal control) on
the basis only of the behavior of the solutions of (2). Suppose, however,
that one desires the solutions of (2) to lie in a set ¢ (which may depend
on t) at some point &4 > {, and that one wishes to optimize relative to a
criterion that depends on the value 4 . A natural impulse is to set
*(t, 20, w) equal to the least value & for which (4 ; &, xo, u) € G, but
it is easy to construct examples in which such a # does not exist for any
u € U, and others in which it exists for some % but not others. One is
thus confronted with the problem of defining a t*(t, o, v), on all of
I X R" X S, which depends meaningfully and nontrivially on the target
set G(1).

We next demonstrate the existence of a t* which satisfies the require-
ments of our statement of the optimal control problem and which at the
same time permits the formulation of a particular problem of optimal
control which has been of engineering interest for several years but has



264 T. F. BRIDGLAND, JR.

not yet received adequate mathematical treatment. The problem referred
to is called the menimum miss distance problem, and in this problem, as
we shall point out, it is possible to imbed several control problems of cur-
rent interest.

To start with, let 2" denote the class of all nonempty compact subsets
of R". If p(a, b) denotes the distance between a, b € R™, where p is the
metric induced by the Euclidean norm (denoted ||-||) in R", then the
distance, d(a, B), between a point @ € R™ and a set B € R", is defined by

d(a, B) = min p(a, b).
beB

An s-neighborhood of a set G € " may then be defined by
N(G) = {z € R"| (2, G) < s};

as a consequence, £" may be metrized by defining the (Hausdor{f) distance,
d, between G, H € Q" as

d(G, H) =inf{s|G@ < N,(H) and H < N, (G)}.

The set {©"; d} is a metric space in which R" is isometrically imbedded. A
continuous function, G(t), on I to {Q"; d} will be called a farget set (cf.
[61)-

Lemma 1. d(a, B) is conlinuous in R* X Q".

Proof. et ¢, r € R" and G, H € Q" be such that p(q, r) < ¢/2 and
d((G, H) < ¢/2; choose v € ( such that p(q, v) = 9(q, (). Since there
exists n € H such that p(v, ) = d(d, H), it follows by the triangle law
that

a(r, H) = p(r,n) = p(r, q) + p(q,v) + p(v, 1) < e+ d(q, G).

The conclusion follows by symmetry from this inequality.

By virtue of Lemma 1, the function p(¢; o, o, v), which is identical
to a(x(t; to, xo, v), G(1)) on I(ly) and whose value at ¢ = oo is defined
to be lim inf .., d(x(t; by, @0, v), G(1)), is lower semicontinuous on I(4).
Consequently, it is meaningful to define a maess distance, 6(1y, xo, v), a8

6(1‘«0,%0,1)) = min p(t, to, Zo , 7)).
tel (to)

Thus it is clear that the set
T = {t € I(t)| p(t; to, mo,v) = 8(ts, 20, 0)}

is nonempty and bounded below (by ¢ = {y) so that it has an infimum,
* = t"(ty, 20, v); it is a trivial matter to show that ¢* € T. (In fact, T is
closed.) Since t* is defined throughout I X R" X 8, it satisfies our require-
ments as a t* candidate.
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The minimum miss distance problem cited previously is now formulated
by putting * = * and taking R(¢; b, 20, v) = p(t; b, o, v). It is in-
teresting to observe that the set U™ < U™, of optimal controls for which
p(t*; o, x, u) = 0, is coextensive with the set of controls u for which
the corresponding solution of (2) lies in G(#) at some time & . Conse-
quently, if U™ contains an element u** for which

* kk : *
U (to, 2o, u = min ¢ (%, 2o, u),
ue[]**

then this control u** is evidently a solution to the time optimal control
problem [1].

Some fundamental lemmas. In this section we state several fundamental
results which will be essential in the establishment of our principal theorems.
In the next lemma, which generalizes [7, Lemma 2.4], uo, p1, ue will de-
note, respectively, Lebesgue measures in [, R™ and I X R"; uz is the com-
pletion of the produect measure yo X w in I X R"[8]. Before stating this
lemma, we establish the following statement which will play a key role
in proving it:

(a). if g(x) 1s a function from R™ onlo tself which, in each bounded

region of R", satisfies a Lipschitz condition, then a set I C R” satisfies

w(E) = 0 only of mlg(E)] = 0.
Suppose first that E is bounded. Since w(E£) = 0, for every ¢ > 0 there
exists a sequence, {I,}, of open n-cells such that F is contained in their
union and D w(I.°) < (2kn/n) "¢, where & is the Lipschitz constant
[9, p. 107]. Fixing e for the moment, we recall [9, p. 18] that for each m,
I,." is the union of a countable collection, { C,.}, of disjoint, half-openn-cubes,
each of diameter dg ; I." is also the union of the closures, Cpy , of these
n-cubes. Clearly, m(In*) = 271 m(Cnj), where p(Cnj) = (dmi/\/n)".

Consider now the set J,.; = g(Cr;); Jm; has a finite diameter d,,; which,
by virtue of the Lipschitz condition, satisfies d,,; < kd,,; . Moreover, there
is an open hypercube, K,,; , with edge length 24,,; , such that J,,;, C K,,; .
We derive immediately

m(Knj) = (20m)" £ (2kdn;)" = (2kv/0)"w(Chj)
and there follows
Zl w(Kni) = (279'\/7—'2)n21 m(ln) < e
m,J== m=

Since g(E) is contained in the union of the K,,; and e is arbitrary, we con-
clude wlg(K)] = 0. If F is unbounded, it may be expressed as the union
of a countable number of bounded subsets and the preceding result ap-
plied to each of these subsets. The assertion (a) is thus established.
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Remark. Although it appears that (a) should be well known, the most
nearly similar assertion the author has found is that of Apostol [10, Thm.
10-8]. H. G. Hermes has pointed out to the author that, under slight addi-
tional restriction of g, a proof of («) may be based on Lemmas 6.1, 6.2
of [11].

Lemma 2. Let y(t; to, yo) denote a solution of (1) wilh ty fixed; then a
measurable set M C I(l) X R" has (uz) measure zero if and only if, for
almost all € R", the set

Houln) = {t € I()|(¢, y(t; to, m)) € M}

has (o) measure zero.
Proof. We follow closely the proof of [7, Lemma 2.4]. Assuming {, = 0,

without loss of generality, it follows from the earlier assumption that (1)
is of class 4, that

W(t, m) = (& y(t; 0, 1))
is a homeomorphism of I X R" onto itself, with inverse given by
Tt m) = (4 y(05t, ).

Suppose first that u(M) = 0; then there is a Borel set M, of measure
zero, containing M. Since ¥ is a homgomorphism, V(M) is a Borel set
and, by [8, p. 39], the sets M, , (¥ (M)),, defined by

M, = {n€R"|(t,n) € M},
(W) = {n € R"|(t,n) € ¥ (I},

are (u) measurable for almost all ¢ and u(M,) = 0 for almost all £. From
these last equations it is easy to deduce that

(7) (W(M))e = {n € R" [ 7 = y(0;1, m); n € M.

Tor fixed { € I, 9 = 5(0; 1, 7) is a homeomorphism of B" onto itself with
inverse given by no = y(1; 0, ). By virtue of condition (A4 ), both the direct
and inverse maps satisfy a Lipschitz condition in each bounded region of
R™; it is thus a consequence of () and (7) that u(M,) = 0 if and only
if w((¥'(M)),) = 0. The fact that w((¥ ' (M)),) = 0 for almost all
t € I implies [8, p. 40] that w(¥(M)) = 0. This in turn implies
w( (¥ (M)),) = 0 for almost all 7 € R™ and, since

(TH(M))y D (FH(M))y = {t](t,n) € ¥ (M)}

there results uo(H x[n]) = 0for almost all n € R". The converse is obtained,
mulatis mulandis, by reversing the steps of this proof.
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A function V (¢, z) on I X R" to R' is said to be locally lipschilzian
if to each ¢' € I and every r > 0 there correspond & = 8(¢', r) > 0, K
= K, r) > Osuch that |t — ¢'] <6, ||ai]] < r, 4 = 1,2, imply
| V({t, 21) — V(t, 22)] £ K| a1 — 22| . Tor a continuous, locally lip-
schitzian function V (i, x), the Yoshizawa (Y —) derivale by virtue of (2)
is defined as

VI, a5 w) = lim suproor YV 4 by @ 4+ B @, w(t))) — VL, o).

Denoting by D m(t) the upper right hand derivative of m with respect
to ¢, we have almost trivially
Lumma 3. For almost all t € 1,

A continuous, locally lipschitzian function V({, z) is said to be (locally)
absolutely continuous uniformly (acu) at a point (', 2') if there exists
p = p(t',2") > 0and, for e > 0, there exists 8 = 8(e) > 0 such that on
any finite set of disjoint intervals (1, , &, + 8,) satisfying

8 >0, 26.<d, U —pst.stl+o

’

! —p=tl+o. 20 +0p
we have

Z l V(Ln 'l_ On ) wn) - V(tn ) '/1;71«)’ <e

for every sequence {x,} satistying ||z, — 2" | = ».

Lumma 4. [12] If V (i, x) is acu, then V (, (1)) is an absolutely continuous
Junction of L € I, for every absolutely continuous x(t).

In the sequel, a continuous, locally lipschitzian, acu function V({, x)
on I X R" to R' will be called a gauge function.

The final concept which we wish to introduce in this scction is that of
determinacy. Let the function L(1, z, ¢) on I X R" X R™ to R' be such
that, for every bounded, measurable «(¢) and every absolutely continuous
x(t), L(t, x(t), u(t)) is integrable in the sense of Lebesgue on every
bounded, measurable subset of /. L(i, z, ¢) will be said to be determinate
if it satisfies all the following conditions:

(1). there exists a function ¢o(¢, ) on I X R" to R™ for which ¢o(t, 2(t))
is bounded and measurable for every continuous x(t) and such
that L(t, x, ¢o(t, 2)) = 0 almost everywhere in I X R";
(i1). almost everywhere in [ X R", the conditions w € U and
u(l) # @o(t, x) together imply L(i, z, u(t)) > 0;
(iil). with this ¢o(¢, ), (3) is of class A.
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Instead of requiring that (i), (ii) hold almost everywhere in I X R", we
may require that they hold almost everywhere in some subset D < I X R",
in which case we need require only that (3) satisfy condition (A) in the
set D. In this event, we shall speak of “determinacy in D”.

Let us now define the set B as

(8a) B = {(l,x) €I X R"|t*(l, xz,u) >t forsome u € U};

with cach (¢, x) € B there is associated a set U({, x) < U for each member
of which the incquality in the definition of B is satisfied. Then, corre-
sponding to a given decterminate function L(¢, x, ¢), we may define the
set B © B as

(Sb) 1§ = {(/o y .’L’u) B I @()([, -’E(t; ly ) -Ltl)) € U(lo ) xo)}

It is a consequence of the definition of ¢* that, for fixed (fy, w0, u),
C(la(tyto, wo, u),uw) = L5(lo, o, u) forallt € [ty , t*(l , o, u) ) ; through-
out the remainder of the paper, we shall assume that this property holds
for arbitrary functions t*.

Optimal feedback controls-—-sufficient conditions. Our first theorem is
a formal statement of the generalization of the Carathéodory technique
[5, p. 198].

Tarorem 1. Let L(t, z, ¢) be delerminate and lel R(i; ly, xo, v) be a
generator for which the following conditions are salisfied:

a) forall (ty,xo,v) € I X R* X 8, R(ty ; b, %0,v) = 0;

b) for each fixed (ly, xo, v), R(L; by, a0, v) s an absolulely conlinuous

Junclion of | with dertvative cqual almost everywhere on I(ly) to
L(t, x(t, [(), X, 1)), U(t))
Then 1t follows thal
¢) Jor each ty € 1 and almost all xy € R", R(L; by, xo, ) = 0 on 1(L),
where 13(t) == (pu(t, f(t, ty s \L"())),
d) for each (o, w) ¢ [ X U and almosl all xy ¢ R", if

9) u(t) = oty x(t; to, xo, u))

on a seb of posilive measure conlatned n an inlerval b, k), then
Rty to, wo, w) > Rt by, xo, w). Hence, for each ty € [ and almost all
2o € R” for which (ly, xo) € B, the conlrol

(10) uo(L5 o, @) = @o(l, B(L; b, o))

is the unique oplemal control in U(ly , xo) relative lo the criterion (4).

Proof. Let M denote the set in I X R" for which L(t, z, ¢o(t, )) # 0
and denote by Hlxo| the set {t € I(l)|(t, &(t; o, x0)) € M}. By deter-
minacy condition (i), (M) = 0 and, by determinacy condition (iii)
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and Lemma 2, u(H[zy)) = 0 for almost all zy € R". Similarly, denoting
by N the set in 1 X R" for which u(t) 5 ¢o(l, ) implies L(¢, z, u(t)) = 0
and, by J.[x], the set {t € I(t)|(¢, x(¢; to, xo, u)) € N}, it is a conse-
quence of Lemma 2, determinacy condition (ii) and the property (A4)
of (2) that ue(N) = 0 and uo(Julwe]) = 0 for almost all zo € R".

By b), we have

R(tz N to s Loy U)

(11) ) ly
— R by, 0, 0) =f L(r, ¢(rs by, 2 ,0), 0(r)) dor.
131

Trurthermore, it is clear that the solutions &(¢; &y, o) of (3) and
x(t; t, xo, ) of (2) coincide when #(t) = @o(t, Z(t; b, x0)).
Hence, L(t, &(t; to, x0), eolt, T(t; to, 20))) = 0 almost everywhere on
I(ty), for all xy € R" except perhaps those in a set of measure zero. From
this and (11), we find by setting & = &, that R({; b, 20 ,7) = 0on I () for
almost all 2, € R™ and we have proved ¢). The conclusion d) follows in a
similar way from (11).

We now assert that, for almost every zo € R", if wy € U is a control
for which R(i; t, 20, wi)) = 0 on an interval [ty, 4] then wu ()
= @o(t, £(t; to, mo)) almost everywhere on that interval. To prove the
assertion, we note first that u; must satisfy

(12) ui(t) = eo(t, x(t; by, 2o, wr))

almost everywhere on the interval, for otherwise the condition d) refutes
the assumption that R(¢; ¢ , 2o, ws) = 0. But since (12) holds, the solution
of & = f(t, x, wy) must coincide with the solution of (3); hence, in (12),
2(t; b, oo, w1) may be replaced by &(¢; o, 20) which yields the assertion.
IFrom this fact, the final statement of the theorem follows easily.

The next theorem is an immediate consequence of Lemmas 3, 4.

Turorem 2. If V (i, x) is a gauge [unction wilh determinate Y -derivale
VL, 25 ), then the generalor R(t; ty, xo , u), defined by

(13) R(t;to, zo,u) = V(U a(l; b, xo,u)) — V(b, 2),

satisfies the hypotheses of Theorem 1.

An even more general result is the following.

TuroreMm 3. Let V (i, x) be a gauge function and let the function L(1, x, ¢)
on I X R" X R™ to R" be such that L(t, (1), v(t)) is integrable on every
bounded, measurable subset of I for each bounded, measurable function v(1)
and each absolutely continuous z(1). If L*(t, z, @), defined by

L't x,0) = V(L x50) + Lt z, 0),
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is determanale, ©f (L5 by, o, v) TS a generator satis/ying
J) Wt st,20,0) = V(l,x0),v € S;
g) (L5t , xo, v) 28 an absolulely continuous function of t with derivative
equal almost everywhere to

DV (t, x(l; by, o, 0)) + L, a(t; b, @, 0),0(8))  on I(k);

then the generator R(t; ty, w0, v) = TL(L; Ly, 2o, v) — V(lo, x0) salisfies the
hypotheses of Theorem 1.

Proof. It is a matter of direct verification, taking into account Lemmas
3, 4, to determine that the hypotheses of Theorem 1, with L replaced by
L*, arc satisfied by R.

Remark. If, in (2), we take f(¢, z, w(t)) = u(t), then the preceding
theorems are direct generalizations of Carathéodory’s results; in particular,
Theorem 3 is the extension of [5, Satz 2, p. 200]. If in Theorems 2, 3, V (¢, x)
be taken to be continuously differentiable with respect to cach of its argu-
ments, then V (¢, x) is a gauge function. By following Carathéodory’s line
of thought, we may then require that V be a solution, in a certain general
sense, of a Hamilton-Jacobi differential equation. We shall consider this
point further in a later section.

Optimal feedback controls—necessary conditions. I'or the subscquent
statement of the converses of Theorems 1, 2; 3, we shall require the fol-
lowing conditions.

1. The set B(vide (8)) has positive us measure and, for each ¢ € 1 and
almost all xy € R” such that (ly, xy) € B, there is an optimal con-
trol wy = wy(t; to, z0) € U, relative to the criterion Q& , xy, u),
which is uniquely defined on the interval [l , t*(to, o, w0)).

II. There is a function ¢¢(f, ) on I X R" to R™ for which is satisfied
oo(t, x(t; Lo, o, o)) = we(t; Lo, x) almost everywhere on
lto, t*(to, o, o)) for all (L, zo) for which u, exists and, for this
@0, (3) is of class A.

IIL. Let t be fixed and denote by B, the set {xy € R” |(t, x0) € B};

then there exists u* € U such that, for almost all z, € B,,,

w*(t) # uo(t; by, x0) on a subset of positive measure contained in

lto, *(to, @0, w™)).
Of course, the criterion ) mentioned in I will depend on the particular
generator chosen, which in turn will be governed by the theorem whose
converse we are obtaining. Note that IT implies that determinacy condition
(ii1) is satisfied in B. The function ue(¢; ¢, ), provided it is uniquely de-
fined almost everywhere in B, may serve as the function ¢.(f, x), as can
be readily verified (cf. [13, p. 136]). Finally, observe that for the set B, of
III, there is a set of points & € I, of positive py measure, for which
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wi(By,) > 0; this is a direct consequence of the theorem of [8, p. 40], and
the fact that us(B) > 0.

The next theorem is a partial converse of Theorem 1.

TuroreM 4. If Q(ly, xo, u) s the criterion corresponding lo the generator
of Theorem 1, if conditions I, 11, IIT are salisfied and ©f Q(to, o, us) = 0
then L(t, x, ¢) is determinale in B.

Proof. ¥rom (11) we have

t¥ (g,20,1)
(14)  QUo,a,u) = [ L, a(r3 by, 20, ), u(r)) dr
to

and, since this is a criterion of “Markov type” [14, p. 54], the “principle

of optimality” [14, p. 57] may be applied to (14) to yield, by virtue of
I, 11,

¥ (19,20, 0)
j L(T, x('r; to y Lo, u(.), uo(T; to 5 xo)) dr = 0,
t

t €, (b, 2, w)).
This in turn implies that

(15) L(1, 2(t; to, 0, u0), uo(t; to, 2)) = 0

almost everywhere on [ty , t*(fo, %0, u)). Now suppose that, for points
U, satisfying to £ U < 1”7 < *(to, x , u), the control u(1) = uo(t;t”, ")
on [t”, t*(ly, m, u)) but that u(t) # wue(t; ¢, 2’) on a subset, of positive
measure, of [t', 1), where 2’ = x({; o, 2, u) and 2” = 2(1”; by, @0, u).
We then have from I

G

. L, x(r;ty, 2o, u), u(r)) dr

(16)

l#(t', z’u)

= L(r, a(r; by, o, u), u(r)) dr = Q(¢, 2", u) > 0.
tl

The statements (15), (16) hold for each fy € I and almost all 2y € R" for
which (4, zy) € B.

Having established these facts, let us now suppose that determinacy
condition (i) fails in B. This implies that there is a set M < B for which
ue(M) > 0 and in which L(t, z, ¢o(t, 2)) % 0. By virtue of Lemma 2,
this in turn implies that there is a set 9 of points 5 € R" for
which & (9) > 0 and such that n € 9% implies uo(H uln]) > 0, where

Houlnl = {t € I(W)|(t, &(t; 4o, m)) € M.

As a consequence, for xy € 9, LI, &(&; lo, %o), eo(t, E(L; by, x0))) # 0 on
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a subset, of positive measure, of [ty , t*(to, o, %)) ; since N is of positive
measure we have, by virtue of (15), a contradiction. Hence, determinacy
condition (i) holds in B.

Suppose determinacy condition (ii) fails in B; then there is a set N € B
such that uo(N) > 0 and such that w(¢) 5 ¢o(¢, x) at a point (¢, 2) € N
implies L(¢, 2, u(t)) =< 0. Let u be the w* of condition IIT; then by Lemma
2, there exists M+ C R” such that u(9,«) > 0and such that w(Jx[n]) > 0
when 7 € 97,+, where

Ialnl = {t € I(o)|(t, x(t;t0, n, w*)) € N}.

In view of condition III, there is then a set, A, of positive measure, con-
tained in a subinterval [, ") < [to, t*(to, 20, *)), on which
uw*(t) # eolt, 2(t; to , 20, v*)) and on A we then have

(17) L(t, 2t b, o, w*), u*(1)) £ 0.

On the complement of X in [t', 1), we have u*(t) = @o(t, x(L; lo, 20, u*))
almost everywhere. It then follows by determinacy condition (i) that
(17) still holds almost everywhere on the complement of X in [t/, t”), ex-
cept perhaps for a set, Y, of points 2y € M« for which w,(Y) = 0. Now
(9« — Y) > 0and for xp € (9, — Y) we then know that (17) holds
almost everywhere on [/, 1”). Integrating (17) over this interval yields

tn
L(r, 2(7; &y, %0, u*), u*(T)) dr £ 0
o

which, in view of (16), yields a contradiction. Hence determinacy condi-
tion (ii) holds in B and, as has been indicated, determinacy condition (iii)
holds in B so that L(t, z, ¢) is determinate in B.

A converse of Theorem 3 is obtained from Theorem 4 by replacing L
by L* = V*(1, z;¢) + L(t, 2, ¢) in the latter theorem. From the converse
of Theorem 3, a converse of Theorem 2 is then obtained by taking L = 0
in the expression for L*. The converses of Theorems 2 and 3 have state-
ments which are sufficiently obvious that we omit them here. Note that
if, in Theorem 1, we assume B = B and that determinacy holds only on B,
then the thus modified Theorem 1 and Theorem 4 are strict converses; a
corresponding statement can be made for Theorems 2, 3 and their con-
verses.

Final remarks. One of the most frequently encountered problems of
optimal control is that in which it is required to obtain an optimal con-
trol relative to the criterion Q(ly, xo , w) defined by

t#(to,xo,u)
Qs , 20, 1) = f L(r, o(rs to, 0, w), u(r)) dr

to
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where the functional L(¢, x(t), u(t)) is required to be bounded and meas-
urable for every absolutely continuous z(¢) and every bounded, measurable
w(t). If L(i, x, ¢) is determinate, then Theorem 1 is applicable. If it is
not, then the problem may still admit a solution if one can find a gauge
function, V (¢, 2), for which V*(¢, x; ¢) + L((, 2, ¢) is determinate and
which satisfies the (ransversality condition

(18) Vi, x) =0, x) € C(l,xn)
where the set C(ly, o) is defined by
Clbo, @) = {(t,z) € I X R" |t
= t*(ty,x0,u), x = x(t*; x,u) forall u € U}.
Under these conditions, it is an immediate consequence of Theorem 3 that

(19) V(to, xzo) = min Q(ly, o, u).
ueyU

Conversely, if it is known that there is a gauge function for which (19)
is satisfied, then it can be shown that the necessity of the transversality
condition (18) and of the determinacy of V' 4 L is a consequence of
Theorem 4.

In the event that V (¢, z) is continuously differentiable with respect
to each of its arguments, then it is a simple matter to show that the re-
quirements of determinacy and transversality are together equivalent to
the requirement that V satisfy the Hamilton-Jacobi equation (vide the
remarks following Theorem 1)

Ve+ H(,z, V) =0

with boundary condition (18), where
L(ta &€, <P) + fo(‘; €, (P) - 1{0<(’) z, Vﬂb)

is determinate. A method of determining H° has been deseribed by Kalman
4]

The effect of the transversality condition (18) is to make the value of

¥ (£g.20,u)

ft VI, 2t b, @0, w); u(t)) di
0

independent of the control u. Thus, a more general approach to the de-
termination of an optimal control relative to the criterion Q(to, xo, %)
would be the discovery of a functional I(, z, ¢) with the same properties
as I, and which satisfies the following conditions:

(a) L1, z,¢) + Li(1, z, ¢) is determinate;
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K (tg,g.u)

(b) t Li(r,x(as to, zo, u), u(r)) dr = —k(t, z)

forall u € U.
Then if (a), (b) are satisfied, it follows from Theorem 1 that

ko, 2o) = min Qb , zo, u).
uey

The use of a particular functional I satisfying (b) has been made the
basis of the methods of Pontryagin [13] which, as is well known, stem
from the results of Weierstrass in the classical calculus of variations.
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RELAY TYPE CONTROL SYSTEMS WITH RETARDATION
AND SWITCHING DELAY*

M. N. OGUZTORELIt

Abstract. In the present paper, we wish to investigate relay type control systems
with retardation and switching delay. For this purpose, we extend some basic results
on the continuation of solutions which are due to J. André and P. Seibert. Also, we
extend some stability theorems of R. Bellman and K. I.. Cooke, making use of their
kernel function representation of the solutions. We also consider the dependence of
the solutions upon switching delay.

1. Introduction. In recent publications, relay type control systems have
attracted a great deal of attention from many authors. These control
processes have been described mathematically by systems of ordinary
differential equations with piecewise continuous right-hand sides.

In a previous paper [21] we investigated a time optimal control problem
for a dynamical system deseribed by a linear differential-difference equa-
tion, and have shown that the optimal control is ‘“bang-bang.” In the
present paper, we wish to investigate relay type control systems with
retardation and switching delay. Ior this purpose we shall give here a
generalisation of some basic results, especially those of J. André and P.
Seibert [2]. Since the solutions of a differential-difference equation can be
continued only in the forward direction with respect to time, our method
will be slightly different from that which is used for differential equa-
tions.

Let a control system be given by the piecewise linear differential-dif-
ference equation

m

(1.1) 2t + hw) = /Zo Azt 4+ ) + B(1) sgn s{zl(t — 7)1},
where ¢ is a real variable (time), the prime denotes differentiation with
respect to {, 7 (switching delay) and the “spans” hi(k = 0, 1, ---, m)
are given constants such that

(12) 0=ho<h1<h2<"'<hm, T > 0.

In (1.1), A ()(k =0, 1,---, m) are given n X n matrix functions
analytic for ¢ = {,, B(¢) is a given n X r analytic matrix function for
L= t, s(x) is a given r-dimensional analytic vector function in the n-
dimensional Euclidean space R", z(¢) is an n-dimensional vector function

* Received by the editors October 26, 1962 and in revised form May 21, 1963.
1 Department of Mathematics, University of Queensland, St. Lucia, Brisbane,
Australia.
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giving the state of the control system at time {. The r-dimensional vector
function sgn s is defined by

(1.3) sgns = (sgns;, -+, 8gN ),
where s;, - -, s, are the components of s and
41 for s, > 0,
(1.4) sgn s, = < undefined for s, = 0,
L—l for s, < 0.

We suppose that s, and grad si(2)(k = 1,2, ---, ) do not vanish simul-
taneously at any point of the space R".

The corresponding uncontrolled system is described by the homogenous
differential-difference equation

(15) S ) = 3 A+ ),

which has been extensively investigated in literature (see e.g. [5, 8, 10-14,
17, 19, 22-271).

If, in particular, there is no retardation in (1.1) and if the matrices
Ay = A and B are constants, we have

(1.6) y'(1) = Ay(t) + Bsgn s{y(t — 7)}.

This differential-difference equation has been investigated by J. André
and P. Seibert [2] and an interesting problem related to (1.6) has been
considered by R. Bass [4]. The differential equation (1.6) with r = 0
belongs to the class of differential equations with piecewise continuous
right-hand sides, which is considered by many authors (see e.g. [1, 2, 3, 6,
9, 15, 17, 19, 20)).

Let us now consider the smooth hypersurfaces S; in R" defined by the
equations

(17) Sj= {xlsj(%) :0}7 7; 1;27"';717

which are called swilching spaces. The space R" can be decomposed into
domains D,;" and D, in which s;(x) 2 0 respectively and S; will be the
common boundary of the domains D;" and D;”, 7 = 1, ---, r. Further-
more, we denote

r

(1.8) S=US;, D=R"—8§8.

=1

The right-hand side of (1.1) is discontinuous along the analytic hyper-
surface S.
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Let 9 be the set of all n-dimensional analytic vector functions in the
initial interval to — 7 = ¢ = to + hm . The elements of the set 9 will be
called inatial functions or initial conditions.

Iollowing André-Seibert [2d], a continuous vector function x(¢) will be
called a solution of the system (1.1) if

A. x(t) satisfies (1.1) in D,

B. z(t) has only isolated points in S.

The solution of the system (1.1) which satisfies the initial condition

(1.9) z(l) = ¢(1), h=t=t+ hm,

with ¢(f) € 9, will be denoted by x = x(t, ¢) or simply by x = x(t).

Since, by our hypotheses, the matrix functions B(f) and A,({)(k =
0,1, .-+, m) are analytic for { = {y, and since s(x) is also analytic, the
differential-difference equation (1.1) has a unique continuous solution
analytic from the right in the neighbourhood of ¢ = i, + h., , which satis-
fies (1.8), if the vector

sgn {slp(to + hn — 7)]}
is defined.

2. Continuation of a solution. Suppose that the value ¢(ty + hm — 7) of

the initial function ¢(¢) € M is an interior point of one of the domains D,
say D;":

(2.1) ¢(to + hm — 7) € D;".

(The case ¢(lo + hn — 7) € D;” can be investigated similarly). Let
o, be the set of all initial functions which possess this property. Put

(2.2) " = sgn {slp(to + hm — )]}
The vector ¢ has +1 as its jth component:
(2.3) e;" = sgn {sl6(lo + hm — )]} = +1.

The solution of (1.1) which satisfies the initial condition (1.9) with
$(t) € ;" satisfies the equation

(2.4) & (t+ hy) = é A(Da(t + hy) + B(t)e",

for ¢t = ¢y -+ hn . Since this solution is analytic from the right in the neigh-
bourhood of ¢ = ty + hu , it will remain in the domain D;* for some fur-
ther time interval. Let us denote this solution by z*(¢, ¢) or simply by
x " (1). Since the solution of a differential-difference equation with retarded
argument can be continued in the forward direction with respect to time,
we have to follow 2 *(t) for increasing . Suppose the smallest (>t + hn)
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for which " (1) reaches the switching space S; is 7', the point u that it
reaches being given by

(2.5) w = lim z*(¢, ¢).

t>T—0

Of course, 1" and u depend on the selection of the initial function z = ¢(¢)
from the set o™

According to our definitions

(26) st ) = ﬁo A2t + ha) + B,
and

() = ¢(t) for ty 2L = by A+ hm.

Tfor the sake of simplicity we shall denote the right-hand side of (2.6) by
F(t,e):

(2.7) F(t,e*) = Imz_% A2 (t + k) + B(e".

The solution «*(¢) can, with the help of the kernel matriz representation
due to R. Bellman and K. L. Cooke [5¢], be expressed as follows:

¢
) .’L‘"v(L + hm) = X(t + hm ) ¢) + f Y(S, t)B(S>0+ dS,
(2.8) to
(t+ hp < T+ 7).

Here X(t, ¢) is that solution of the homogeneous (uncontrolled) system
(1.5) which satisfies the initial condition (1.8), and Y (s, t) is the kernel
matrix. Y (s, ¢) is the unique solution of the adjoint equation

(2.9) gs Y(s,0) = 2 V(s 4 b — by OAR(S + w — he)
S k==0

A>lsto<s <tb—hm and  — h, <s <1t

satisfying the initial condition

(2.10) Y (s, 1) = {(1’ Les st

where I is the identity matrix. Y (s, t) is defined for¢ > &,6% £ s £ ¢ + hnm
and is continuous for {, £ s £ &.
According to (2.4) and (2.8), we have

—h oy,

(2.11) u = X(T,¢) + ft Y(s, T — hy)B(s)e" ds.
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Since the function sgn {s[z*(¢ — 7)]} is still continuous and equal to e+
in the interval T <t < T + =, our solution z'(¢, ¢) will continue to
satisfy the same differential-difference equation (2.6) in this interval.
We put

*
Ur

lim 2%, ¢)

t->T+r—0

(212)

Tor—h
X(T + r, ) + [ (s, T + r — ha)B(s)e" ds.
0

Of course, the point u,” depends on the choice of the initial function (1)
from the set 917;7. We shall denote by ST, the set of all points u,”. Note
that according to the analyticity in the interval 7' < { < T + 7 the solu-
tion z7(t, ) can intersect the switching surface S; at most only at a finite
number of points; that is, the intersections of 27 (¢, ¢) with S, cannot have
an accumulation point which is reached in the interval 7' =t < T + 7.
In order to follow the further continuation of the solution z*(¢, ¢)
after t = T + 7, we have to investigate the behaviour of the function
silz*(t, ¢)] in the neighborhood of ¢ = 7. I'or this purpose, we first assume

that the point u belongs to only one switching space S;. Therefore,
se(u) =0 for k =y, se(u) # 0 for k #j.
(2.13)
(k = 1)27 77‘)

Let ¢~ be the vector whose components are equal to those of et except for
for the jth, which is equal to —1.
We now consider the following differential-difference equations:

(2.14) ' (t + hn) = F(1, ),
and put
(2.15) o(l) =27, ¢) for T —h, <t =T+ 1.

This function is analytic in its interval of definition. Let z"(¢, ¢;) and
x (¢, ¢1) be the respective solutions of these equations which satisfy the
same initial condition

(2.16) e(t) =¢(t) T —hu <UL T+r

Since all the conditions of the existence and uniqueness theorems for dif-
ferential-difference equations are still satisfied, ¥ (¢, ¢1) and 27 (¢, ¢1) are
uniquely determined (analytic) functions. Obviously, we have

(2.17) e (T +rd) =2 (T + 7,¢1) = w",
and from (2.3), (2.15) and (2.16),
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(2.18) lim sgn {s;lz"(¢, ¢1)]} = +1.

t->T—0

We can easily calculate the following limit

(2.19) vi = lim sgn {s;c"(, 1)]}.

t->T+40

For this purpose, remembering the hypotheses which we laid on the
functions B(t), Ax(t)(k =0, 1, -+, m), ¢(¢) and s(zx), let us consider
the Taylor expansion of s;[s*(f, ¢;)] at t = T
d
Sj[x-‘_(t; ¢)] = E‘“[ 8j[$+(a, ¢)]a==7’(t - ’l‘)

(2.20) 1 &
ot

= (W)t — T) + Lex(T,u)(t — T),

+(a’ ¢) a~T'(t - T)

where T' is an intermediate value between ¢ and 7', and where
T

221) alhuw) = Lol (L), alw) = elTw), G =1,2).

It can be verified easily that

T=u

(222) a(w) = F(T — hn, ¢*) (isju)) ,

c2(w) = F*(T — hm,e") ( s,(a:)) F(T — hm,e")

#(greo) . (o).,

Here by * we denote the operation of transposition, while the operator
d/dzx is the gradient when applied to a scalar and the Jacobian matrix when
applied to a vector. The operatior d*/dz’, applied to a scalar, denotes the
Jacobian matrix of the gradient.

Since u is given by the formula (2.11), the quantities ¢;(uw) and ca(u)
are well defined and they determine the character of the switching at the
point x = u. As we noted above, the switching operation actually happens
when the trajectory reaches the point z = w.” € S¥, at time { = 7.,
because of the switching delay .

If ¢;(u) # 0, on account of (2.18), we have c¢i(u) < 0. Therefore,
s; < 0 for ¢ > T. Thus, we have the differential-difference equation

(2.24) 2t + hw) = F(t,e) for t= T+ 1.

(2.23)
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If e;(u) = 0, ca(u) ## 0 on account of (2.18), we have c2(w) > 0. Thus,
we have the differential-difference equation

(2.25) (4 hy) = F(t,e") for t= 7+
If c;(uw) = cx(u) = 0, the sign to be taken will be

lim sgn [e (77, w)].
Tr>T4-0

Let x(f, ¢;) be the continuation of x(/, ¢) obtained by this manner.
x(t, ¢) will clearly satisfy one of the equations (2.24) and (2.25) for
t =2 T + = and the initial condition z(t, ¢1) = x(t, ¢) for T — hy, — 7
T £ T+ r. Since z(f, ¢) is analytic for t — hp — 7=t =T + 7,
the solution z(t, ¢1) is also analytic for some time interval T + = = ¢
< T + 7 + p, where p is a positive number. In this interval the solution
x(t, ¢1) may intersect the switching space S at most only at a finite
number of points because of the analyticity of the vector functions s(x)
and x(t, ¢1). Therefore there is no accumulation point in this interval of
the intersections of x(t, ¢;1) with S.

Let us now assume that the point « belongs to more than one switching
space S;. To investigate this case generally, consider a domain D whose
boundary S consists of some parts of the switching spaces Sk, , Sk, , ==
Sk, (1 =7 = r). Let us assume that ¢(t + hn — 7) € D and denote by
N, the set of all analytic functions ¢(¢) inty — 7 = ¢ £ t + hw having
this property. In this case, the vector functions sgn {s{¢(¢)]} is piecewise
defined forty — 7 £t £ ly + hm . Put

(2.26) o = sgn {slp(to + hm — 1)} for b— 721 Z o+ bn.

IEach component ¢;j(j = 1,2, -- -, 7) of ¢ has one of the values 1, as be-
fore, and we can apply the same method as we used at the beginning of this
section. Let x(t, ¢) be the solution of (1.1) which satisfies the initial condi-
tion (1.9) so that now z({, ¢) will take the place of 2™ (¢, ¢). Let
T(>ty + hn) again denote the first time at which z({, ¢) reaches the
switching space S (at point u, say) and suppose that u belongs to the
switching spaces Sk, , Sk, , *++ , Sk, (v = ¢ = 7). Let us now calculate the
limits v;(j = ki, k2, -+, k,) by the formulae (2.20) to (2.23) and with
the help of these limits calculate the components of the vector

(2.27) G = tlin+10 sgn {s[z(t, ¢)]}.

Therefore, the continuation z({, ¢;1) of the solution z(¢, ¢) fort = T + 7
will satisfy the differential-difference equation

(2.28) &' (t 4 hw) = F(1, 5)
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under the initial condition
(2.29) z=¢(t) = x(t,¢) for T —h, St =T+ 7.

Since all the conditions of the existence and uniqueness theorems are still
satisfied, x(t, ¢1) is uniquely determined.

From the analyticity of x(f, ¢1) and s(x), the function x(¢, ¢;) cannot
intersect the switching space S at an infinite number of points in the inter-
val of analyticity of (¢, ¢;). Consequently:

TaroreM 1. Kach solution x(t, ¢) of the differential-difference equation
(1.1) which satisfies the initial condition (1.9) with ¢(t) € My can be con-
tinued indefinitely into the future, i.e., they have no end-points.

3. Stability properties of solutions. Stability properties of many kinds
of systems with time lags have been investigated in literature (see, e.g.
[ba, 11, 12, 13, 14, 17, 19, 22, 26]; for a complete bibliography on this
subject see [7] and [19]). We shall now extend some stability theorems
due to R. Bellman and K. L. Cooke [5¢].

Let us suppose that all continuous solution X (¢, ¢) of the uncontrolled
system (1.5) are bounded as { — + o :

(3.1) I X(e)]| <a < +w, t=ty,

where ¢; is a constant. Let the kernel function Y (s, t) and the matrix func-
tion B(t) be of the form

(3.2) [ Y(s,0) || <er < 40, lh=s=L
and

“}-00
(33) ft | B@) || dt < +o,

where ¢ is a constant. I'urthermore, let D;(¢) be continuous n X n matrix
functions for ¢ = ¢, such that

o0
(34) ft I De(t) || dt < + o, k=0,1,---,m.
0

In (3.1) to (34), || Y(s, &) [I, | X(¢, ¢) ||, | B(t) || and || Di(t) || denote
respectively the sums of the absolute values of the elements of Y, X, B
and D,k =0,1, ---,m.

Consider now the differential-difference equation

F( 4 ) = 3 A0 + DuOla(t + h)
(3.5) k=0

+ B(t) sgn {slx(t — 7)]}.
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TarorEM 2. Under the hypotheses (3.1) to (3.4) all continuous solutions
of the differential-difference equation (3.5) are uniformly bounded ast — -+ .
Proof. To prove this, following Bellman and Cooke, we put

(86) W) = 3 DDat + ) + BU) sgn [slelt — 7)),

Continuous solutions of (3.5) can be obtained by the method of previous
section. For a continuous solution &(¢) of (3.5), W(t) is continuous in
every domain D bounded by the switching spaces S; and is integrable
everywhere. Therefore, by the kernel function representation (2.8) we
have, for { = 1o,

Kt ) = X0+ 3 [ Vs, 0D + ) ds
(37) o

+ f' Y (s, t)B(s) sgn {s[z(s — 7)1} ds.
From (3.1) and (3.2) we have

2@+ ha) || S &

m 12 t
(388) + o2 [ 11Dus) [ [l aCs + M) [ ds + eo [ || BGs) | ds
k=0 Jio to
m tth by,
setod [ 1 Dds+ ha— )| [ als + k) | ds,
k=0 Y,
and using a well-known lemma (see e.g. [5a], p. 35), we find
m tt-hg—hy,
(39) |t 4+ hw) || £ cexp {02 /Zuf: | Di(s + hm — hi) || ds} ,
e=0 + Lo
where

400
(3.10) c=cte| [BG)| ds

It follows, from (3.4) and (3.9), that Z({) is uniformly bounded as { — 4+ « .
Let us suppose that

(3.11) Y@, ) || W) for =,
where ¥(t) is a monotonic decreasing function such that
(3.12) lim ¥({) = 0.

t->+o0

In this case, we have the following result:
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TurvoreM 3. If (3.3), (3.11) and (3.12) are satisfied, then the solution

x(t, ¢) of the system (1.1) is asymptotic to the solutton X (1, ¢) of the uncon-
trolled system (1.5), i.e.,

(3.13) Jim || 2(t, ¢) = X(t,9) || = 0.

Proof. From the kernel function representation (2.8) and from the
hypothesis (3.11), we have

t
o) = X(0) | = 200 [ | BGs) | ds.
0
If we now make use of the hypothesis (3.3), we obtain

| z(t, ¢) — X(1,¢) || < e

for sufficiently large ¢. This proves the theorem.

Consider now two solutions of the uncontrolled system (1.5), namely
X(t, ¢) and X(¢, ), corresponding to the continuous initial functions
¢(t) and ¢(1) in the same initial interval &y — 7 < ¢ £t + hn . Supposing
that the system (1.5) has a Lipschitz constant I, that is, that

(3.14) kzmg | Axt) | S I for 1= t.
Then, as is well known (see [17]),

(3.15) 1 X(t¢) = X(6,9) | = "o =],
where

(3.16) I21™ = Suwp 12 ]

TaroreMm 4. If (3.3), (3.11), (3.12) and (3.14) are satisfied and if it vs
possible to choose a neighbourhood of ¢(t),

(3.17) Ns(¢) = {llo — & <3},
such that
(3.18) | X(t¢) — X4, )| <5, &€ Nilo),

holds for all sufficiently large [, where € s an arbitrarily small positive number
and & depends on €, then

[2(t,¢) — (L, ¢) || <e and [ 2(4,¢) — X(4,¢) || < 2e

Jor ¢ € Ns(¢) and for t large enough.
Proof. Let x(t, ¢), &(t, ¢), X (¢, ¢) and X(t, $) be previously defined
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solutions of (1.1) and (1.5). With the help of the kernel function repre-

sentation (2.8) of the solutions x(t, ¢) and #(¢, ¢) and also of (3.11) we
can write

| 2(t, ¢) — 2, ) || < | Xt ¢) — X, 6) || + 2¢(0) ftt | B(s) | ds.

Irom the boundedness of the last integral, by (3.3), and also from the
hypotheses (3.12) and (3.17), we have, for sufficiently large ¢ and
d; E N 6(¢)J

i
| ¥(6) = X&) | <5, 2600 [ 1B as <.
Therefore,

(3.19) [2(t,¢) — 2(t, ¢) || < e

for ¢ € N;(¢) and for ¢ large enough. To prove the last part of the theorem,
observe that

2t ¢) — X, o) | = [[2(t,0) — 2(4, ) ||

(3.20)

From (3.13) and (3.19), we have
(3.21) Il 2(t, ¢) — X(t, ¢) || < 2e for ¢ € Ni(e),

for t — — oo, which proves the theorem.
We note that the above results can be extended immediately to the case

where the system (1.1) is affected by small disturbing forces. In this case
the control system is of the form

(3.22) (L4 hy) = I; Ar(D)a(t + )
+ B(t) sgn {slz(t — 1)} + (4, 2(1)),
where r(t, x(t)) is a summable function such that
(3.23) |l r(t, () || < n
for all { = i and z and 5 a small positive constant.

4. Limits of the solutions of (1.1) as the retardations and switching
delay approach zero. Let D be any domain bounded by the switching
spaces Sy and let ¢(1) € M, , where N p is the set of all analytic functions
in D for ty £t < ty + hn . Consider now the distance between the points
u and u,* defined by (2.11) and (2.12). We have
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[u* —wl £ || X(T + r,¢) — X(T,4) |

me[Y(x, T+ 71— hn) — Y(s, T — hn)IB(s)e" ds

to

41 T

+

T+1—hy,
f Y(s, T + 7 — hn)B(s)e" ds
T

R

Let e be an arbitrarily small positive number. Irom the continuity of
X(t, ¢), Y(s,t) and B(t) we can write

I X(T + ) = X(T,9) || <3,

and

€

3(77 — hrm - to)Cs

Y@, T4+ 7—hn) — Y(s, T — ha) || <
for r < 6,6 = 6(¢, ) > 0, and

T+-r—hpy, €
f Vis, T = k) Bs)e" ds || < &

T—hm,

for r < 5, where ¢, is given by (3.2) and

3¢ C3
o= Suw B
Therefore, if
(4.2) 5 < ?Tc“:‘é;
we have
(4.3) | —u)| <e for 7 <.

By the same argument we see that

(4.4) lim z,(t, ¢) = (i, ¢),
>0

where z.(1, ¢) denotes the solution of the system (1.1) with the switching
delay 7. Obviously these results are also true for any continuation of
x.(t, ¢) according to the method given in section 2.

R. Bellman and K. L. Cooke showed [5d] that

(4.5) lim z(¢, ) = y(1),

R0
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where y(¢) is the solution of the equation

y'(t) = AQ@)y(t) + B(t) sgn {sly(t — 7)1},

4.6) m
( y(bo) = ¢(l), A(t) = ;}Ak(t),

and the convergence is uniform for some interval {, < ¢ £ T, provided

we stay in a domain D bounded by switching spaces. The equation (4.6)
is of the form (1.6), which has been investigated by J. André and P.
Seibert [2]. Clearly, this limiting process may be accomplished for any
continuation of z(¢, ¢) beyond the domain D by the method of section 2.
The solution of (4.6) gives an approximation to the limiting behaviour
of the solutions of (1.1) for sufficiently small time lags.
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A TIME OPTIMAL CONTROL PROBLEM FOR SYSTEMS
DESCRIBED BY DIFFERENTIAL DIFFERENCE
EQUATIONS*

M. N. OGUZTORELIt

Abstract. The aim of this paper is to establish the solution of an optimal time
control problem for a physical system whose state is described by a linear differ-
ential-difference equation with retarded argument. We have obtained here a generali-
sation of the results of Bellman and his collaborators Glicksberg, Gross and Kalaba,
and of LaSalle and Neustadt by using a technique due to LaSalle, with the help of
the kernel matrix representation of Bellman and Cooke and also a new integral
representation for the solutions of linear differential-difference equations.

1. Introduction. We consider a control system given by a linear differ-
ential-difference equation with retarded argument of the form

(1.1) 2'(t + hw) = /CZ:A/c(t)x(t + k) + Bu(t) + f(1),

where { is a real variable (time), = g—t’ hy (k = 0,1, -+, m) are given

constants such that
0=h0<h1<h2< <hm,

Ap(t) (k= 0,1, ---,m) are given n X n continuous matrix functions,
B(t) is a given continuous n X 7 matrix function, x(¢) and f(¢) are n-di-
mensional continuous vector functions, z(t) giving the state of the control
system at time ¢, and (1) is an 7-dimensional vector function. We suppose
that to control our system we are free to choose the ‘“steering’’ function w.
We assume that the functions w(i) are “admissible” if they are piecewise
continuous (or measurable) and have components less than 1 in absolute
value: |up(t) | = Lk=1,---,7.

We denote by U the set of all »-dimensional vector functions u(¢) meas-
urable on each finite interval [to, (] and |we(?) | S 1, k = 1, ---, r. Let
U°® be the set of all functions «°(¢) in U with [«’(¢) | = 1,k =1, -+, r.
The set U is the set of allowable steering functions for our control problem,
and U’ is the set of “bang-bang” steering functions.

We denote by S a compact closed (bounded) convex subset of the set C
of all real-valued n-dimensional continuous vector functions in the interval
b=t = b+ hn.

* Received by the editors August 8, 1962 and in revised form July 31, 1963.
t Department of Mathematics, University of Queensland, St. Lucia, Brisbane,
Australia.
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A solution z(t) of the system (1.1) which satisfies the initial condition
(1.2) z(l) = o(1) =t =to+ hm,

eivdently depends on the choice of the functions w(¢) and ¢(¢). To indicate
this relationship explicitly we shall denote by x (¢, ¢, u) the solution of (1.1)
satisfying (1.2).

Now let us consider a moving particle z(t). z(¢) is an n-dimensional
continuous vector function.

Our control problem for the system (1.1) is to hit the particle z(¢) with
the system z(¢, ¢, ) in minimum time. We say that an admissible steering
function % and an initial function ¢(¢) € S are optimal if z(¢, ¢, u) = 2(1)
for some T > to + hn and if (¢, ¢, u) # 2(L) for by + hn <t < T and
allu € U,¢ € S.

This optimal time control depends not only on the choice of the steering
funetion u(¢) but also on the choice of the initial function x(t) = ¢(¢) in
the interval [ty , to + hn). One should therefore consider, together with the
problem of determining the optimal steering function, that of choosing the
optimal initial function.

For m = 0, A¢(1) = A(t), the system (1.1) reduces to

(1.3) 2(1) = A(Da(t) + Bu(l) + f(b),

for which the time control problem has been extensively described in the
literature (see for example: [6, 8, 16, 17, 19]). The optimal steering func-
tion «(t) of the system (1.3) has the bang-bang property. In this case, the
right-hand side of (1.3) is piecewise continuous. This kind of differential
equations has been investigated by many authors (see for example: [1, 11]).

The linear differential-difference equation (1.1) has been investigated by
Bellman and Cooke [4].

Bellman [3] and his collaborators Glicksberg and Gross [5] and Kalaba
[7] have treated terminal control problems involving linear systems with
retardation. Recently Haratisvili [15] investigated a time optimal control
problem involving delay. In all these contributions the initial functions
¢o(t) are fixed. We shall suppose here that the functions ¢(¢) range over the
set S defined above. This assumption gives rise to new features.

2. Reduction of the problem to an integral equation. Let us consider
now the time optimal control problem, described in the introduction,
for the system

@1) 2+ hn) + ;Akuw b = Bult) + (0,

which is equivalent to (1.1). Under the hypotheses on the functions 4,(t),
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B(t), f(t), w(t) and ¢(t), which are stated in the Introduction, it is well
known that (Cf. [4], pp. 475-477)

1) There is a unique continuous solution of (2.1) for ¢ > t, which satisfies
the initial condition

(2.2) x(l, ¢, u) = ¢(1) b=t = t+ ha;

i1) The kernel matrix Y (s, t) of the equation (2.1) defined for ¢ > ¢,
to £ s =t + hnm,is the unique continuous solution for &, = s < ¢ of the
adjoint equation of (2.1)

I y(s,8) = 3 Vs + hn — b, D A(s + b — )
(2.3) as =0
>ttt <s<t—hnw and t — hw < s < 1)
which satisfies the initial condition
_Jo,t < s Z2 A b,
(2.4) Y(s, t) = {I, L=,

where I is the identity matrix.
ili) The unique continuous solution of (2.1) for ¢ > i, satisfying the
initial condition

(2.5) x(t) =0 h=1l=1ly+ hm,
is given by the integral formula

t
(2.6) £t 4 ) = 2t A by 0,0) = [ Y (s, D0(s) ds

to

(t > t)

where
(2.7) v(t) = B@)u(t) + f(1).

iv) The solution of the system (2.1) satisfying the initial condition (2.2)
has the form

i
(28) (o Doy by 0) = X+ by @) + [ Vs, 00(s) ds,
to
where X (¢, ¢) is the solution of the corresponding homogeneous system
(2.9) &' (t 4 hm) + k[_:) Ap()2(t + h) = 0,

which satisfies the initial condition (2.2).
Consequently, the state x(t, ¢, ) of the control system (2.1) at time ¢



TIME OPTIMAL CONTROL 293

is known by the formula (2.8). As described in section 1, for the time
optimal control problem, the particle z(¢) must be reached by the system
z(t, ¢, %) in minimum time. We want, therefore, at some time ¢ to have

(2.10) (& 4 hm, b, u) = 2(t + hn),

that is, to have

(2.11) f, Vs, DB uls) ds = w(t, ¢),

where

(212) w0l 8) = 2t + ) — X(U+ T, 8) — [ V{5, D/(s) ds.

On account of the continuity of the functions A4,(t), B(t), #(t) and (),
the integral equation (2.11) has quite the same form as an integral equa-
tion considered by LaSalle {17] and Neustadt [19]; they differ only in the
functions X (I, ¢) and Y (s, t); in fact, here the function X (¢, ¢) depends
also on the initial function ¢(¢) selected from the set S, and the function
Y (s, t) depends on both variables s and ¢; but, in the case considered by
LaSalle, the function X depends only on the variable ¢ and the function Y
solely on s, but not on ¢.

3. An integral representation for the solution of the homogeneous
equation (2.9). Consider the homogeneous differential-difference equation
(2.9) corresponding to (2.1), and its solution X (¢, ¢) which satisfies (2.2).
Tvidently X (¢, ¢) is a linear functional in ¢ over the set C. By a well-known
theorem of functional analysis (see for example [20], p. 62), we can express
this functional as follows:

tothm
(3.1) XU+ by b) =ft K(s, t)¢(s) ds,

0

where the kernel K(s, t) is defined uniquely by the functional X(¢, ¢).
Trom (2.2) and (3.1) we have

tothy,
(3.2) f K(s, t)p(s) ds = ¢(1), b £t A hw £ b+ hm,
l

0

for all ¢(¢) € . By differentiation in (3.1) and using (2.9) and (3.1), we
obtain

toth, N m
(3.3) f {QIE%Q + 20 At — h)K(s, t 4 b — h’m)} ¢(s) ds = 0.
to k=0

This equation holds for every ¢(¢) € C. Hence
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6K(s, t)

(3.4) + Z Ag(t — hp)K (8,0 4 by — hy) = O.

Therefore the kernel K(s, t) is the matrix solution of the homogeneous
differential-difference equation (2.9) satisfying the condition (3.2) for all
¢(t) € C. With the help of this kernel function the solution X (¢, ¢) of (2.9)

which satisfies the initial condition (2.2) is given by the integral formula
(3.1).

4. The functional Q(t, ¢, u). Let us now consider the functional
b t
) 9l e = [ Kl 08(s) ds+ [ Z0s, Ouls) ds,

where
(4.2) Z(s,t) = Y(s,1)B(s)

anda = ty,b =ty + hn.
From the formulas (2.11), (2.12), (3.1) and (4.1) we can write

(43) AT, 4,0) = C(1),
where
(44) COr) = 2T 4 ) = [ Vs, 150) as,

and T is the time at which the control system (i, ¢, ), defined by (2.1),

first hits the particle 2(1). T' is the first root of the equation (2.10) which

is greater than b = &, + h,, . Obviously 7" = T(¢, ). By its definition it

is single-valued. It is also continuous in both ¢ and wu, because C(i) is a

continuous function and Q(¢, ¢, u) is a continuous functional in ¢ and w.
Consider now the set

(4.5) L) = {Q@, ¢, w); ¢ € 8, u € Ul

We shall now extend some theorems due to LaSalle [17].
TaworeM 1. K (1) is convex.
Proof. Let E' and I be two elements of the set F(1):

E = ¢, u), ¢ €8 weU i=1,2

Let @ and 8 be two non-negative numbers such that « + 8 = 1. Consider
the functions

¢’ = a¢' + B, u' = au' + Bu’.

Clearly ¢ € 8, u” € U.Put E' = Q(1, ¢°, u’). Since I’ = aF' + BE* and
¢ €8, u € U, we have E’ ¢ E(1).
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TororREM 2. K (1) 1s closed. ‘ .
Proof. Consider a sequence of points I' € E(t), with E' — E°, 1 — o

. . b . t .
= a0, ¢/, u') = f K(s,0¢'(s) ds + [ 205, 00(s) ds,
PES, WeU =12 . We shall prove that E° ¢ E(t). Since

u'(t) are admissible, thelr components u;'(t) are uniformly bounded in
absolute value. Therefore, there exists a subsequence {u*(t)} of {u (1)},

and measurable functions u;’(¢) in L*(a, ¢) such that for j = 1, , 7
ugt (1) K 0 (1)

in L(a, 1), and v’(t) = (w'(t), -+, u (1)) may be chosen to be ad-

missible.

Let us consider now the sequence {¢*(t)}. According to the definition of
the set S, it is closed and compact. Therefore, we can select a subsequence

(0™ (1)},

which tends uniformly to a limite function ¢'(t) € 8. The subsequence
{u™ ()} tends to the limit function u’(¢), obtained before. Without loss of
generality we may assume that

;' (1) =5 ¢5(0) (G=12"--,n)
uniformly, and
u;' (1) === u)'(0) (G =12,
weakly. Therefore, by the definition of weak convergence and also uniform
convergence, 1° = Q(t, ¢’, u°) € E(1):
B s B = f K(s,1)¢'(s) ds + f Z(s, )u’(s) ds.

Consequently, the limite of a convergent sequence in F(t) belongs to L (t).
This proves the theorem.
Consider now the set

(4.6) B =, ¢,u");6 € 8,4 € UY,

where U’ is the set of all bang-bang functions.
TaroreM 3. E(t) = E°(t).
Proof. Define, for every fixed ¢ > a, the subsets

(47) M) = { f " 2s, uls) dss u € U},

and
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t
(4.8) M(t) = {f Z(s, )u'(s) ds; u’ € UO} ,
where Z (s, t) is defined by (4.2). The n X r matrix function Z(s, t) is con-
tinuous for ¢ < s < ¢, because the kernel matrix Y (s, t) is continuous for
a £ s £ t by section 2 and B(s) is continuous by hypothesis.

Let 2°(s, t) be the jth (j = 1, ---, ) column vector in Z(s, ¢). We
define

M;(t) = {fat 2 (s, ui(s) ds; u € U} ,
and
M) = {j: 2(s, Du,'(s) ds; u’ € UO} .
Thus we have

[ " 2s, Duls) ds = ; f s Duy(s) ds,

and
t r t X
/ Z(s, )u'(s) ds = D f 2'(s, u;’(s) ds,
a j=1 Ya
and also
M) = 2 M), M) =2 M.
=1 i=1
Tor all fixed ¢ (> a) the n-dimensional vectors 2’ (s, t),7 = 1,2, ---, 7,

are continuous for ¢ £ s = {, and, therefore, satisfy the conditions of
LaSalle’s first lemma [17]. Hence M ’(t) = M;(t) foreach j = 1, --- , 7,
and thercfore M°(t) = M(t). The proof of Theorem 3 is an immediate
consequence of this extended LaSalle’s lemma.

By the above theorem, anything that can be accomplished in time ¢ by
by u(t) € U can also be accomplished in time ¢ by u’(t) € U°. Conse-
quently, we can state the following theorems due to LaSalle [17] for our
control system (2.1):

TuEOREM 4. If of all u’(t) € U’ there is an optimal one relative to U°, then
it is optimal relative to U.

TaroreM 5. If there is an oplimal conlrol function, then there is always a
bang-bang control that is optimal.

5. Existence of optimal functions. We shall prove now the following
existence theorem, which is an extension of that due to LaSalle [17].
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THEOREM 6. If there is a pair of functions ¢ € S, u € U, such that
z(t, ¢, u) = 2(1),

then there exists a pair of functions ¢° € S, w* € U, which are oplimal.
Proof. By hypothesis the set

(5.1) m o= {T, o(T, ¢, u) = 2(T); ¢ € 8, uc U}

is not empty. Let 7° be the greatest lower bound of all 7' (> b) which
belong to the set 9. By sections 2 and 4, we have, for 7' € I,

C(T) = QT, ¢,u) € E(T).

Let 7'; € 9 be such that T; — T° for 7 — . Consider the sequences

b Tq R
(52) ’Jy'i = Q(qyi) ‘i’iy ui) = f K(87 TL)‘I’Z(S) ds + f Z(8> Ti)uz(s) ds

and

b 70 .
(m)m%m@ummsz@mw@m+fz@ww@@
Obviously F; € H(Ts), BL € E(T%. Cleatly

- B = [ (K, T — K, T4 ds
(54) ‘

70

[ 12, 1) = 26, ) ds + [5G, TS ds.

a

Let us denote by || k|| the norm of h. Since Z(s, t) is continuous
for a £ s = t, there exists a positive number m; such that

(5.5) 1 Z(s, ) | = m

for a £ s = {, where ¢ is sufficiently large. Therefore, for

1 T<%I

we have

(5:6) f 20, Tou(s) ds|| < §.

Trom the continuity of the matrices K (s, {) and Z(s, {), we may write, for

m. __ mo &
T, — T <3m2
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that
(5.7) | K(s, T:) — K(5,T°) || < 52—, (hw = b — a),
3hm My
and
(5.8) | Z(s, T:) — Z(s, T°) || < 5= 3n(To Y
where
(5.9) me = Sup || ¢ ||,
PES

which is a finite number by the definition of the set S.
From (5.3)—(5.9) we obtain

(510) “ Q(Tl ) ¢i, ul) - Q(TO) ¢i’ ui) “ <e
for

€
(5.11) T, — T < M1n{3— s mz}

Since the set E (T°) is compact and closed, we can select subsequences
{¢™(t)} and {u™(t)} of the sequences {¢°(¢)} and {u’(¢)} so that they con-
verge respectively to the functions ¢°(t) € S and w'(t) € U. Therefore
C(T% = Q(T° ¢, u') € E(T"), that is (T1°, ¢’, u’) = C(T°), where T° is
the optimal control time. This proves the existence of optimal functions
¢’(t) and u’(1).

6. Properties of Q(f, ¢, u). We shall establish, in this section, some
further properties of the functional Q(¢, ¢, u).

TaroreEM 7. If ¢(t) € S and w(t) € U are in some sufficiently small
netghborhood N (@) and N (@) of (1) € S and a(l) € U, then corresponding
lo each ¢ > 0O lhere is a § > 0 such thal

for each Q(T, ¢, %) and all T — 6 <t < fand all p € N(¢), u € N(@).
Proof. Suppose ¢ < f and consider

001, 3, @) — 0l g0) = [ 25, Dils) ds
(6.2) + [ (KRG, Dd(s) = K5, 00(5)} ds

+ ft (Z (s, )a(s) — Z(s,t)u(s)} ds
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Ifrom the continuity of the matrix function Z(s, t), we have

;
(6.3) H/Z@meﬁh < m(i— 1),
t
where m; is defined by (5.5). Using the mean value theorem, we obtain
K(s, 1) = K(s,0) + (1t — DK (s, 1), 1<t <1
and
Z(s,t) = Z(s, 1) + (L — DZ,(s, "), L< "<,

where (" and ¢ may be different for different elements of the respective
matrices K,(s, () = dK(s,1)/dt and Z,(s, t) = 0Z(s, t)/0l. Hence

K(s, Dd(s) — K(s,0)b(s) = K(s, D[(s) — ¢(8)] + (I — DK (s, )o(s),
and
Z(s, Da(s) — Z(s, hu(s) = Z(s, Dla(s) — u(s)] + (F — ) Z(s, t")u(s).

Therefore

[ K, 03 = K5, 00501 ds

(6.4)
< hulmy || & — ¢ || + (E — )mymal,
and
65) fa (Z(s, )uls) — Z(s, Hu(s)} ds
< (t—a)m| @ — wl| 4+ nms(T — )]
where

my = Sup || K(s, 1) ||, ma = Sup || Ki(s,7) ||, ms = Sup || Zu(s, 7) ||
Consequently
I ¢, a) — alt, ¢, u) || <
humg || 6 — ¢ || + (= a)my || & — w || 4+ (L — t) (hwmams + nins).
Let us consider the neighborhoods N(¢) and N () defined as follows

Nl d — €
N@L{H¢ ¢H<3Mmy¢es},
(6.6)

NW%{Hﬂ—uH<$m%jw,u€U}.
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In this case we have
“ Q(za J’; Ilz) - Q(”: ‘by u') ” <e
for{ — 6 <t < i,and forall¢ € N(¢), w € N(u), where

€
(67) 6= 3(hm Mg Ny + nmr,) )

TuuoreM 8." If Q is an interior point of L(1) then lhere cxisls an ¢ > 0
such that N.(Q) < E(7) for all 7 in (t — ¢, 1].

Proof. Let @ be in the interior of E(¢) and let N, () be a neighborhood
of @ of radius ¢ > O contained in the interior of F(1). Let e = %¢ and
let N, (2) be the neighborhood of @ of radius e . Let § = 8(e) > 0 be
chosen to satisfy theorem 7, i.e. (6.7) with ¢ = & . Consider 2" € N,,(Q).
Suppose for some # satisfying { — § < f; < ¢ that @* is not in the interior
of E(#4). Then since E(t;) is convex, there exists a support plane P, such
that there are no points of /() on one side of P,, . Because the neighbor-
hood Neg(ﬂ*) C N,(Q) < E(t) we see that there is a point p € I () such
that | p — E(4) || = e . But this contradicts theorem 7. Therefore
N, (@) € E(r) forall 7 € (t — §,1]. Now set e = Min (e2,8). Thene > 0
and N(Q) € N,(Q) and (I — ¢, ] © (t — §, ¢]. Thus N(Q) € E(r) for
all 7 € (t — ¢ 1.

Tusorem 9. Let C(1) be given by (4.4). Then C(1°) is a boundary point
of E(T°), where T® is the optimal time.

Proof. Suppose, on the contrary, that C(1°) = Q(1°, ¢, u") is an interior
point of E(T"). Then from the theorem 8 there exists an ¢ > 0 such that
NC(T")) € E(t) forall 7" — ¢ < ¢ < T°. The continuity of C(¢) at T
implies that there exists a & > 0 such that C({) € N.(C(T")) for all
T° — 8 <t < T° Let 2y = Min (8, ¢). Then C(T° — v) € N(C(T"))
< E(T° — 7). But this is a contradiction since 7° — v < 7° and 1" is,
by hypothesis, the minimum value of ¢ such that C(¢) € E(t).

TraroreM 10. There exists a vector ¢ = (g1, -+ , g’ ) of the n-dimensional
Luclidean space, such that
(6.10) ¢ Q1" ¢, u) = ¢"-Q1"% ¢', )

for all Q(T°, ¢, u).

Proof. Since E(T°) is a convex set and since Q(1°, ¢, u°) is, by Theorem
10, a boundary point of the set E(T"), there is a support plane through
Q" = Q(T°, ¢, u’). Let ¢’ be a non-zero vector orthogonal to this support
plane and directed to the side which contains no points of the set I (.
Therefore, for each Q(T°, ¢, u) € E(T°) and forall¢ € S, u € U, we have

((10, Q(Toy d); u) - Q(TO; ¢0’ uO)) é 0.
This inequality is equivalent to (6.10).

t The author is particularly indebted to the referee for theorems 8 and 9.
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7. Optimal control functions. As in the case which LaSalle considered
we can prove the following theorem for the general form of the optimal
control function:

TusorEM 11. All optimal control functions w'(t) are of the form
(7.1) w'(t) = sgn l¢'Y (¢, T")B(1)], h=sts 1

where ¢ is some non-zero n-dimensional row veclor depending on ¢' (t) and 1"
1s the oplimal tvme.

The proof of this theorem is very similar to lLaSalle’s proof for the
system (1.3).

As LaSalle proved, if the system (2.1) is normal, that is, if no components
of [¢"Y (¢, T")B(t)] vanishes on any interval, no matter what the vector
g # 0, the optimal control function is bang-bang, unique and given by (7.1).

The signum in the formula (7.1) is taken by components: i.e., if b is an
r-vector, then @ = sgn b, means that a; = 1 when b; > O and a; = —1
when b; < 0 and a; is indeterminate for b; = 0.

8. Optimal initial functions. Let us consider the equation (2.10) with
the optimal functions:

(8.1) 2(1", ¢, u') = 2(1"),

where we know the existence of 1%, ¢” and «’ and also the general form of
the optimal steering function u’(t) by the formula (7.1). We write this
equation in the following form:

b
(8.2) [ K, 16 (s) ds = ar”),
where
0 70
(83) G(T%) = 2(1° + hy) — f Z(s, T (s) ds — f y(s, )/ (s) ds

We wish to establish the optimal initial functions ¢’(¢). As all the quantities
in G(T") are known, except the vector ¢, (8.2) is a Fredholm integral
equation of the first kind. Writing ¢ instead of T°, ¢(¢) instead of ¢’(¢) and
putting

(84) Ko = [ K(s,09(s) ds,

we obtain
(8.5) K¢ = G(t).
Let K*(s, t) be the transposed matrix of K (s, t). Put

(8.6) Ky — [ " K (s, 0000) di,
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and

(8.7) (6,4) = [ o()u(s) ds.

It is well known that

(8.8) (K¢, ¥) = (¢, K*¥).

Let {\:} be the set of eigenvalues of the following homogeneous I'redholm
integral equations of the second kind:

(8.9) K¢ =2p, Ky =\

Let {¢,(1)} and {¥(L)} be the complete sets of the principal eigenfunctions
of the kernels K (s, t) and K*(s, t), which are biorthonormalized:

0,7 #k,
(8.10) (¢, ¥n) = djn = i

1, =k,
where
(81]) K¢, = Neds K*\p/c = N -

Let {¢o(6)} and {¢0:(t)} be the non-trivial solutions of the integral
equations

(8.12) K¢ =0, K'y=0.
Assume that the solvability condition
(8.13) (i, G) =0

is satisfied for each ¥y;(¢). Consider now the expansion of the function G(t)
with respect to the biorthonormal system {¢y , ¥i}:

(8.14) G0 = 2 al),
where
(8.15) o = (Y, ).
Let us now determine the constants aj , such that the series
(8.16) o(1) = 2wl + 4u(t),

where ¢(1) is a solution of the integral equation K¢ = 0, should be a solu-
tion of the integral cquation (8.5). IFor this purpose, multiply both sides
of (8.5) by ¥i(1) and integrate with respeet to { from a to b; hence, making
use of the preceding formulas, we obtain
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(817) ap = %c, k = ],2’ ...... .
Therefore, the optimal initial function is given by the formula

el

(8.18) ¢'(1) = 2 i—’k & (2) + po(2).

We note that, the above deductions base upon the continuity of the kernel
function K (s, t).

We summarize this result as follows:

TurorEM 12. Let {Ni} be the set of eigenvalues of the integral equalions (8.9)
and {px(2)}, {¥i(t)} be the complete sets of eigenfunctions of the kernels K (s, t)
and s transpose K*(s, t). Let {¢o:(1)} and {¥0:(1)} be the sels of non-trivial
solutions of the inlegral equalions (8.12). If the solvability condition (8.13) is
satisfied for each (1), then the optimal initial condition ¢’ (1) is given by the
SJormula (8.18), where the coefficients ¢, are defined by (8.15) and ¢o(t) is a
linear combination of the funclions ¢o:(1).

9. A necessary condition for optimality. We have established in section
6, Theorem 10, the existence of a vector ¢’ such that ¢"-C'(T") maximizes
the function ¢’ for @ € E(1°).

Consider now the vector function wu,(¢) defined by

u,(¢) = sgn [¢Y (¢, T)B(1)], bh=lt=2T,
where ¢ is an n-dimensional unit vector: || ¢ || = 1. Obviously, more than

one ¢ may determine the same u,(t). Lot ¢o(1) be the initial condition cor-
responding to the control function w,(t), obtained by a similar method to
that of section 8, using u,() and 7T instead of u’(¢) and T° respectively. It
is clear that ue (1) = u’(¢) and ¢p(1) = ¢’(1).

By the definitions of u,(¢) and ¢,(¢) and the unique maximum condition,
we have

Q- UT, d,u) = q-UT, ¢y, uy)

for all Q(T, ¢, u) € L(T), T, ¢, u) #= T, ¢4, uy).
Let us consider the vectors ¢ for which

(9.1) q(@(b, ¢, u) — C(b)] <0,
and define the function

(9:2) V(L q) = q-L(, q),
where

(9.3) L, q) = Q, ¢y, uy) — C(1),

¢, and u, being the extremal functions defined above.
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Let Hy be the convex set of vectors ¢ which have the property ¢-Q
< ¢-C(T° for @ € E(T"). Clearly, for ¢ € Hy, V(T°, ¢) = 0.

Suppose now that V(i, ¢) is strictly increasing at ¢t = T° for every
q€ Hy. Ifq ¢ Hy, V(T° q) > 0 regarding to the definition of the set H, .
On the other hand, we have V(b, ¢) < 0 by (9.1). Therefore, there exists
some unique 7'(g) such that

(9.4) V(T(q), q) = 0,

for ¢ in a neighborhood of 7" and ¢ in a neighborhood of H,. If ¢ € H,,
T(q) = T° and if ¢ ¢ H,, T(q) < T°. Therefore, we obtain the following
extension of a local maximum principle due to Neustadt [19] which gives
a necessary condition for the optimality for our control problem:

Tuworem 13. Let T° be the maximum time at which any x(t, ¢, w) given
by a normal system (2.1) and satisfying the initial condition (2.2), can reach
the particle z(1); if for every q € Hy the function V(t, q) given by (9.2) s
strictly increasing with t at t = T°, then for q in a neighborhood of H, , and
t in a neighborhood of T, the vectors q € H, maximize the time for which
72, ¢, u') = q-C(1).

This theorem, which is very close to Pontryagin’s maximum principle
(I8}, [15]), reduces the optimal time problem to finding the maximum of
the function T'(g). To find this maximum, we shall show first that the func-
tion ¢t = T'(q) possesses continuous partial derivatives. For this purpose,
since t = T(q) is defined implicitly by the equation V (¢, ¢) = 0, we shall
show that dV/ot and 0V /dq;, ¢ = 1, 2, --- |, m, exist and are continuous,
and if 9V /ot # 0:

or _ Vv JaV

05 —_— —_ =
(9.5) o0 a0/ ai (¢ =1, ,n)
Put
i
(9.6) 2) = [ a2 D) s g 205,0)) do,

Denote again the components of Z(s, t) = Y (s, t)B(s) by 2;;(s, {) and the
componentsof gby g (¢ =1, -+ ,m;j=1,---,r; k=1, ---,n). Hence

T t k
(9.7) 2ty q) =2(lqi, - ,qu) = 2[ 7; qr 21 (s, ) | ds.
i=1Ya =
As Neustadt showed [19], we have
82 E3 ¢ , ! T,
(9.8) So=e Z(s, 1) sgu lq-Z(s, 1)) ds,

T

where ¢; is a row-vector which is defined by e¢;” = (6a , -+ , 8in), 84
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being the Kronecker’s symbol:

5”2{0,1#7',
7,4 =4

On the other hand we have

(9.9) 5%{ ‘/ab q-K(s,8)¢°(s) ds} = ¢ f: K(s, t)¢(s) ds.
Therefore

(9.10) o= e L(t, q).

Similarly, we have

('") b 0 . b 6]{(8, t) 0
(9.11) 67,{/‘, q-K(s,t)p (s) ds} = q- Mo ¢ (s) ds.

Let us now calculate dz/dt; we put

(9.12)  o4(s,t,9) = /ﬁ;{ a2 (s, 1), Si(t,q) = /: | oi(s, 8, q) | di
Clearly

(9.13) S 0) = 38 0).

Let

A‘qf = “;J'(t + At, (/) - Sj(t, (/)

LAt t
= f | oi(s, b+ AL q) | ds — f | o;(s, 8, q) | ds

= [ ottt 800 | = Lot o) 1) ds

[

(9.14) s
+ f | oi(s, & -+ AL, q) | ds
l

= Al| o;(L + 0AL T + AL, q) |

+ [

where 0 < 6 < 1. Since our system is normal the set {s:o;(s,1,9) = 0,s < t}
has measure zero for every ¢q. Hence for any ¢ > 0, there is a positive § such
that the set Ay = {s:] 0;(s, 1, ¢) | < 8, s < ¢} has measure less than e. Let

‘71'(87 l, (I) + QUJS%{;’“(]_) At — ‘ (T]'(Sr t, (]) ‘ } (IS,
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Ay = {sioi(s, 1, q) = 6, s < U,and A_ = {sigj(s, 1, q) = —06,s < 1}.
Sinee o;(s, t, ¢) is continuous and continuously differentiable,

6‘71(8”" 9> }< o

(9.15) M = Max { loi(s,t,q) |, .
a<s<t 9l

Choose Al such that | Al | < /M. Then
AS; = AL | o;(t + 0AL ¢ + AL, q) |

da;(s, 1, (Z) ” '
(9.16) + Al PRI A sgn [o;(s, 2, ¢)] ds

+{

Since the last integral is less, in absolute value, than | At | Me, we have

g](Stq)—l—ao-](Stq) t‘_la}(s’t,q)l}dg

ij — | (¢ + 0AL E + AL ) | — f 80 o [o,(s, 4, 0)) ds
. Aua. ol
< 2 M e,
therefore
a8, F0,(s, 1
(9.17) ;f = [oi(t,t,0) | + —"L(Zt D son [oy(s, 1, )] ds

and, since Z(s, t) = Y (s, 1)B(s) and Y (i, t) = [ (identity matrix), we
obtain

92(t,q) _ z": a3,

al ~a T q-B(1) sgn lq- B(1)]

1 f "/(7"7 D son lg-7(s, )] ds.

(9.18)

Jonsequently

%I; tg- B} - {sen [¢- B} — ¢-C"(1)

(9.19) + /b 0K<8 1 ¢’ (s) ds + f 6/< )qgn lq-Z (s, )] ds

= P(i,q).
If P(T(q), q) = Q(g) # 0, from (9.10) and (9.19), we obtain

(9.20) aT e’ L(t,q)

aq; - Q((D "
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and

. L(T(g)-9)
(9.21) v )

Clearly the vector function L(¢, ¢) is continuous in both ¢ and ¢q. We
suppose that @(¢) > 0.
Let r be a parameter and consider the differential equation

(9.22) (2- = Q(q)- VT = —L(T(q), q).

Since L(T(gq), ¢q) is continuous, this equation has a solution satisfying a
given initial condition. If Q(q) # 0, dT'(q)/dr exists and

dq

(9.23) dTlq) _ g,
dr

If ¢ ¢ Hy, VT # 0 and therefore d1'(q)/dr > 0.
If Q(q) = 0, dT'(q)/dr does not exist. But, by the formula (9.10), VV,
for fixed 1, is defined, and

(9.24) oV, et) _ _ (@)2 <0 for q ¢ II, .

= Q(¢)-(VT-VT) > 0.

ar dr

Hence, V(t, q(r)) is monotonically decreasing with », or T(g(7)) is in-
creasing with r, so that for all ¢ § Hy, T(g(r)) is increasing with r.

Let us denote by © the domain of the function 7(¢). This function is
defined for all ¢ for which the inequality (9.1) is satisfied. Consider the
solution ¢(r) of the differential equation (9.22) which satisfies the initial
condition ¢(ry) = ¢o, where g € D. The function ¢(r) € ©O for all values
of r > ny. In fact, if ¢(r) leaves D, then for some " > 7,

()b, ¢, u) — C(b)] = 0.

Hence

V(T(q(")), ¢")) = q(")-12(T(q(")), ¢, u) — C(T(q(')] = 0.

Therefore, by (9.4), T(q(r')) = b. But this is impossible, because
T(q(r")) > T(q(re)) = bif ¥ > 1.

It can be easily seen that the norm || ¢ || of the solution of (9.22) is
constant.

Let q(r) be the solution of (9.22) such that ¢(r) = ¢ € D. If ¢(r)
approaches a limit as r — o, then this limit is in H, . Thus 7(¢) = b on
the boundary of © and 7'(¢) attains its maximum.

10. Construction of the kernel K(s, ). The kernel matrix function
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K(s, t) is defined, in Section 3, as the solution of differential-difference
equation

K (s, 0+ h) &
‘K(ﬁl‘g ) 4+ > AOK (s, b+ I) =0,

which satisfies for all (1) € C, the condition

(10.1)

(102) [ K086 a5 = o0, a<i<t,

wherca = by, b = ly + hu .
Let 6(s — t) be the Dirace’s delta-function:

0,s #
(10.3) (s —t) = {
+ 0,8 = 1.
It is well known (Cf. [21]) that
b
(10.4) [ ots = ats) ds = a0, st <.

Obviously the solution of the differential-difference equation (10.1) which
satisfies the initial condition

(10.5) K(s,t) = 8(s — 1)1, a =s,t =0,

where [ is the identity matrix, verifies the required condition (10.2). We
may establish this solution. IFor this purpose let us consider the solution
K.(s, t) of (10.1) satisfying the initial condition

(10.6) K(s,t) = 8.(s — 1), a =

s, 1= b,

where 6.(s — 1) is defined by
107 (s — 1) = —— S

(10D M L

which gives a continuous approximation of the delta-function:

(10.8) limé.(s — &) = 8(s — t).

K.(s, t) is uniquely determined for { = b (Cf. for example [12]), and, is
continuously dependent on ¢, and it possesses the following properties:
(10.9) lim K(s, t) = K(s,t),

€0

fora £ s=0,l 2 a,and

(10.10) lim K. (s, 1) = limé.(s — t)] = 6(s — t)]
€ >0 €0
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fora = s = b,a = ¢ = b. Therefore, to construct the kernel matrix function
K(s, t) it suffices to establish the approximating kernel K(s, t) and pass
to the limite ¢ = 0.
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Dr. P. Seibert and Prof. W. Hahn for their helpful comments and to the
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STABILITY CRITERIA FOR NONLINEAR ORDINARY
DIFFERENTIAL EQUATIONS*

O. L. MANGASARIANt

Abstract. The main results of this work are three sufficient conditions for the (1)
stability, (2) uniform asymptotic stability in the large and (3) instability, of the
equilibrium point x = 0 of the system of differential equations: z = f(¢, z), f({,0) = 0.
Stated roughly these conditions are: The point x = 0 is (1) stable if 2’f(¢, z) is a
concave function of z, (2) uniformly asymptotically stable in the large if z'f(¢, z)
is a strictly concave function of z, and (3) unstable if z'f(f, ) is a strictly convex
function of z. These results are obtained by using the stability and instability eriteria
of Tiapunov and properties of concave and convex functions.

1. Introduction. We shall be concerned with the system of nonlinear
ordinary differential equations

(1.1) T = f(t, x)

where x and f are n-dimensional vectors and 0 = ¢ < «. We shall assume
that f (¢, «) is piecewise continuous in the (z, ¢) space, the discontinuities
lying on sufficiently smooth manifolds, and that to any given (xo, &) there
corresponds at least one function of ¢, x = y (¢, o, %), defined, continuous
and with piecewise continuous derivative with respect to ¢ for all ¢ = ¢,
which satisfies the system (1.1) except at the points of discontinuity. Ac-
cording to Massera [9], under these conditions, the stability criteria of
Liapunov and various modifications thereof hold.

We shall assume that f (¢, 0) = 0 for all ¢, so that x = 0 is an equilibrium
point of the system (1.1). We will be concerned with the stability or insta-
bility of this equilibrium point.

Our main results are given in Theorems 1, 2 and 3 in Section 3. These
theorems give sufficient conditions for the stability, uniform asymptotic
stability in the large, and instability of the equilibrium point = 0. These
results are based essentially on the concavity, strict concavity, and strict
convexity, respectively, of the scalar function 'f (¢, #) with respect to z.

We use the commonly accepted definition [1, p. 18], [3] that ¢ (x) is
convex if, for 0 = A = 1.

(1.2) (1 = Ne@) + N @") Z ol (1 — N2’ + N

for all vectors z" and 2” in the convex region of definition of ¢ (). The func-
tion ¢ () is concave if the inequality sign in (1.2) is reversed. For strictly
convex (concave) functions the equality sign in (1.2) holds only for A = 0,

* Received by the editors September 9, 1962 and in revised form March 24, 1963.
1 Shell Development Company, Emeryville, California.
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A = 1 orz' = 2" Note that convexity and concavity imply continuity in
the interior of the convex region of definition but not necessarily differenti-
ability. However if ¢(x) is twice continuously differentiable then sufficient
conditions for convexity, concavity, strict convexity and strict concavity
of ¢(x) are respectively that the symmetric matrices of second partial de-
rivatives d%/dz.;0x; be positive semidefinite, negative semidefinite, posi-
tive definite and negative definite for all values of « in the region of defi-
nition of ¢ [1, p. 18], [3].

Among previously obtained criteria for asymptotic stability are those of
Krasovskii [7] and Hartman [4, Lemma 1']. Both of these results are re-
stricted to autonomous systems (that is f = f(z)) and require that f have
continuous first partial derivatives. Our results for stability (Theorem 1)
and uniform asymptotic stability in the large (Theorem 2) are not only
valid for nonautonomous systems but do not require differentiability of f.

Prior to proving the stability theorems of Section 3, we establish certain
properties of convex and concave functions. We do this in Section 2 where
we also state certain stability theorems of Liapunov and Massera that are
needed subsequently.

Vector notation is used throughout. In general, Latin capitals denote
matrices, small Latin letters denote column vectors, and small Greek
letters denote scalars. Exceptionally, V (¢, ) will denote a scalar function
of the scalar ¢ and vector z. A prime  will denote the transpose. The
Euelidean norm (z'z)"* of a vector z will be denoted by | z || .

The scalar function V (¢, x) is positive definite’ if for 0 < t < o, V (¢, )
> 0forx ## 0, V( 0) = 0, and lim inf,., V (¢, &) > 0forz # 0. The
function V (¢, &) is negative definite’ if for 0 < ¢ < o, V(t, x) < 0 for
x#0,V({0) = 0and lim sup.. V(t, ) < 0forz # 0.

The function V (¢, 2) is said to have an infinilely small upper bound if,
given ¢ > 0, there exists a § > 0 such that | V| < e for all ¢ 2 0 and
2] < 6 When V(t @) is of class (" in £ and 2, we have along solutions
of (1.1)

v
al

= ['vV + v

V(t,x) = &VV + 9

where

O LI a

ow, 5;2 5?%—7:

1 These definitions of positive and negative definite functions differ somewhat
from the conventional ones [2], [8], [9] which are implied if we assume in addition
that V (¢, x) is continuous and has continuous first partial derivatives.

2 lim inf,.., and lim sup;.. denote respectively the limit inferior and limit superior
of V(, x) as t tends to infinity.
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2. Preliminary results. We start by establishing some lemmas which are
used in proving the main results of Section 3. In what follows ¢ is a scalar
and f and z are n-by-1 vectors.

Lrmma 1. Let f(t, ) be continuous in x atx = 0 for 0 < t < « and let
F(&0) =0for0 <t < . If 2'f(t, x) is a concave function of x for 0 < t
< oo, thenz'f(t,z) S 0for0 £t < .

Proof. Let ¢ (t, ) = 2'f(t, z) and 2 = 0. By the assumed concavity of
e, ) wehavefor0 £ t < wand)0 <A =1

1= Net,2") +xet, 2) S olt,d — N2’ + A
or

— (1 = Ne(t, &) + ¢lt, 2* + Ma — 2")]

x .
Now since 2’ = 0 and o(t, 2°) = 2"/ (4, 2") = 0, we have for0 < A < 1
and 0 £t <

o(t,x) =

ot 2) < ﬁ(.%\l@ — 2 ).

Hence for0 £ ¢t <

&It )

i

ot z) < lima'f(t, \e) = 2'lim f (¢, \).
A0 A0

But since f (f, z) is continuous in z at x = 0 for 0 = ¢ < o« it follows that
limyo f(t, A@) = 0 and thus2'f (¢, &) < 0for 0 < t < .

Lemma 1 is used to prove Theorem 1. The following lemma is needed
in the proof of Theorem 2.

Lumma 2.° Let f(t, x) be continuous in x at © = 0 for 0 £ ¢t < oo, let
S, 0) =0for0 =t < oandlet ¢ (x) =limsup. 2 f, 2). If 2f ¢, )
18 @ strictly concave function of x for 0 = t < o and if either (I) Y (@) < 0
Jor x #= 0, 0r (IT) (&) is strictly concave in x, then &’ [(t, x) is negative
definite.

Proof. Let ¢ (t, ) = 2'f(t, x). By the strict concavity of ¢ (¢, ) we have
for0 £t < o, 0 <A< landz 20

(] - )‘)ﬁo(t) 0) + )\ﬁo(t) ‘l> < ﬁo(ta )\x);

and since ¢ (¢, 0) = 0,

(2.1) ot ) < “’(t—xm

for 0=St< 0,0 <A<1,25#0.

3 T am indebted to the referee for the removal of a redundant hypothesis from this
lemma.
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Now by Lemma 1, ¢(t, 2) = 2'f(t, z) = 0 for 0 £ t < «. However, if
e(t, ) = 0 for some ¢ in 0 = ¢t < o and some x # 0 then it follows
from (2.1) that ¢ (¢, Ax) > 0 for 0 < N < 1 and = # 0, which contradicts
the assertion of Lemma 1 that ¢ (¢, 2) < 0for 0 = t < . Hence ¢ (¢, )
= 2f(t,z) <0for0 =t < » andz # 0.

Since it is obvious that ¢ (¢, 0) = 0, it only remains to show that ¢ (x) < 0
for  # 0 in order to prove the Lemma. We have two cases.

Case I: ¢ (x) < 0 for z # 0, by assumption.

Case IT: If ¢ (z) is strictly concave in x, we have for 0 < X < 1 and
x#0

I =M¢Y0) + W @) < ¢Qa),
and since ¥ (0) = 0,

(2.2) v(z) < ‘ﬁ;\\ﬁ for 0 <A<, x0.

Now, for z 5~ 0
Y (@) = lim supgow 27 (t, 2) <0

where the last inequality follows from the fact (proven above) that
2f(t, ) <0for0 =t < o and 2 # 0. Hence

2.3) Yv@) =0 for x # 0.

Now if the equality sign in (2.3) is ever satisfied for some z # 0, then
it follows from (2.2) that ¢y (\z) > 0 for 0 < A < 1 and z # 0, which
contradicts (2.3). Hence ¢ () < 0 forz 5 0 and thus a'f (¢, ©) is negative
definite.

A lemma similar to the preceding one will now be given which will be
used in proving Theorem 3. Lemma 3 follows from Lemma 2 by essentially
noting that the negative of a strictly concave function is a strictly convex
function.

TLimma 3. Let [ (t, x) be continuous in x atx = 0 for 0 = t < o, let f(¢, 0)
=0for 0 £t < ©,and let y(x) = lim inf,., af, ). IS 2f, x) s a
strictly convex function of x for 0 = t < w and if either (I) ¢(x) > 0 for
x % 0,0r (1) Y (x) is strictly convex in x, then &'f(t, x) is positive definile.

We will also need the following theorems of Liapunov and Massera.

LiapuNov’s Stasinrry TarorEM [2, p. 109], [8, p. 37], [9, p. 707]. If a
positive definite scalar function V (t, x) of class C" exists for which V £ 0,
then the point © = 0 is a stable equilibrium point of the system (1.1).

Massira’s Turorem [10, p. 200]. IS a scalar function V (&, x) of class '
exists which is positive definite, tends to infinity with || x || , has an infinitely
small upper bound, and is such that V(t, ) is negative definite, then x = 0
is a uniformly, asymptotically stable point in the large of the system (1.1).
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Liarunov’s InstaBiLITY THEOREM [2, p. 110], (8, p. 38]. If a function
V(t, x) of class C* exists which is positive definite, has an infinitely small
upper bound and is such that V s posttive definite, then x = 0 is unstable.

3. Stability theorems.

TrroreMm 1. (Stability) Let f (¢, «) be continuous inx at x = 0 for 0 < 1
< o and let f(t,0) = 0 for 0 < ¢t < w. I[fa'f(t, ) is a concave function
of x for 0 = t < oo, then the point x = 0 s a stable equilibrium point of
the system (1.1).

Proof. Consider the Liapunov function V (z, t) = 2’x, which is obviously
positive definite. It follows then that for0 £ ¢t < o, V = 22'¢ = 22/ (¢, z)
= 0, where the last inequality holds because of Lemma 1. Hence by
Liapunov’s Stability Theorem, the point z = 0 is a stable equilibrium
point.

The following corollary to Theorem 1 follows from the fact [1, p. 18], [3]
that for a twice continuously differentiable concave function, the matrix
of second partial derivatives is negative semi-definite.

CoroLtAry 2. If f(t,0) = 0 for 0 £ t < o and if the function [ (I, x)
is a twice continuously differentiable of x for 0 £ 1 < w and || x| < =,
then the point © = 0 is a stable equilibrium point of (1.1) provided that the
matriz H,; = [0°'f (t, x)/9x.02,] is negative semidefinite for 0 < t < o« and
] < e.

Taworem 2. (Uniform Asymptotic Stability in the Large) Let f(t, x) be
continuous m x at x = 0 for 0 £ t < o, let f((,0) = 0for0 =t <
and let ¥ (x) = lim sup,.. ' f(t, ). If 2'f (4, ©) is a strictly concave function
of x for 0 = t < o and of etther (I) y(x) < O forx 5 0, 0r (II) Y (x) s
strictly concave in x, then x = 0 7s a uniformly, asymptotically stable point
i the large of the system (1.1).

Proof . Consider the Liapunov function V (¢, ) = 2’a, which is obviously
positive definite, tends to infinity with || z ||, and has an infinitely small
upper bound. Now V = 22’z = 22'f(¢, ), which is negative definite by
Lemma 2. Hence it follows from Massera’s Theorem that x = 0 is a uni-
formly asymptotically stable point in the large.

For autonomous systems, # = f(z), f(0) = 0, it is sufficient for
Theorem 2 to hold to require only that f(z) be continuous at = 0 and
a'f (x) be strictly concave in x.

An example where neither condition (I) nor (I1) of Theorem 2 are satis-

fied, is, ¢ = —e 'z, for which ¥ (x) = 0.t It is easy to verify that for this
example z = 0 is not an asymptotically stable point. Both conditons (I)
and (IT) are satisfied by the system & = — (1 + ¢ ‘)z, for which = 0

is an asymptotically stable point in the large.
Note that Theorem 2 differs from Krasovskii’s sufficient conditions for

4T am indebted to J. P. LaSalle for this example.
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asymptotic stability [7], [6, Theorem 4] in a number of ways: (a)
Krasovskii’s result is for autonomous systems, Theorem 2 holds for autono-
mous and non-autonomous systems. (b) In Krasovskii’s theorem, ff is
taken as a Liapunov function, whereas in Theorem 2, 2’z is a Liapunov
function. This is the reason why Krasovskii cannot handle nonautonomous
systems for d/dt(f'f) = ' (J + J')f + 2f'af/6t (where J is the Jacobian
matrix of f with respect to x). Hence unless df/dt = 0, as is the case for
autonomous systems, nothing in general can be said about the system. (¢)
Krasovskii requires that f be differentiable, Theorem 2 requires f be con-
tinuous at x = 0. Similarly the sufficient conditions obtained by Hartman
[4] and Hartman and Olech [5] require the differentiability of f.

If the function f is twice continuously differentiable in z, then the follow-
ing corollary to Theorem 2 holds.

CoROLLARY 2. Let f(t,0) = 0 for 0 = t < o, let y(x) = lim sups.e
2'f(t, x), and let f (t, x) be a twice continuously differentiable function of x for
0 =t < oo, If the matriz Hy; = 8" @'f (4, 2))/dz.0%, is negative definite for
0= t< wand]| x| < «,and if either (I) ¥(x) <O forz %0, or (II)
Y (2) s twice continuously differentiable, and the matriz Ki; = 0% (x)/
A0z, s negative definite for || x | < oo, then the point x = 0 <s a uniformly,
asymptotically stable point in the large of the system (1.1).

TarEorREM 3. (Instability) Let f(t, x) be continuous tn x at € = 0 for 0
St< oo, ledf(t,0) =0for0 =t < o andlet () = liminf ., 2'f(t, x).
If 2'f (t, ) is a strictly convex function of x for 0 < t < o« and if either (I)
Yv(@) > 0forx £ 0,o0r (II) ¢ (x) is strictly convex in x, then * = 0 is an
unstable equiltbrium point of the system (1.1).

Proof. Consider the function V (¢, z) = 'z, which is obviously positive
definite and has an infinitesimally small upper bound. Now V = 2%
= 22'f(t, z), which is positive definite by Lemma 3. Hence it follows from
Liapunov’s Instability Theorem that x = 0 is an unstable point of (1.1).

Tor autonomous systems, & = f(z), f(0) = 0, it is sufficient for z = 0
to be unstable that f(z) be continuous at = 0 and z'f(z) be strictly
convex in x.

If the function f is twice continuously differentiable in z, then the
following corollary to Theorem 3 holds.

CoRrOLLARY 3. Let f(t,0) = 0 for 0 £ ¢t < o, let ¢ (x) = liminf,,,
a'f (@t x), and let £ (t, ) be a twice continuously differentiable function of x for
0 <t < . If the matriz Hy; = 8°(&'f(t, ©))/dx.0x, is positive definite for
0st< wand|z| < «,and if either (I) (@) > 0 forx = 0,0r (I])
Y (x) is twice continuously differentiable, and the matriz K., = 9"y )/
dx0x; 18 positive definite for || x || < oo, then & = 0 is an unstable equilibrivm
point of (1.1).
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4. Examples and remarks.
Fxample 1:
@+ bd + c@a + a1 =0, b(t) 2 0;¢(t) = 0.

This equation may be interpreted as the movement of a unit point mass
under a unit spring force x; and under a nonlinear damping force b (¢);
+ ¢(t)#’. The equation may be rewritten as the system

2'71 = X2
By = —21 — b))y — ¢ ().
The scalar function «'f (¢, ) = —b({t)zs — c(t)ast is concave (but not

strictly concave). Hence by Theorem 1 or Corollary 1 the point z; = 0,
2o = 0 Is stable. Krasovskii’s theorem does not apply for this non-autono-
mous system.

Example 2:
. —2; — X1k fora, <1
€y = 3 .
—1 — X1 fora, > 1
By = — X9 ‘|’ x12 for Lo é 1
’ —xp + iy forx, > 1
Tor the above system S (0) = 0 and 2'f (z) = —a;" — 2" is strictly concave.

Hence by Theorem 2 the point a; = 0, 2, = 0 is uniformly asymptotically
stable in the large. Neither Krasovskii’s nor Hartman’s result can be
applied here, because f is not differentiable.

Ezxample 3:

5 = (1 4 ysint) (—a; + @) for a + 25
! (1 4+ ysint) (—z; — xxy’)  for a° + 25

& = (1 4 ysint) (—azp — aw) fora’ + 2 < 1
E (1 + ysint) (—xo + a’2s)  fora’ + 2’ > 1

where 0 £ v £ 0.9. Note that for this example f (¢, 0) = 0, and that f (¢, )
has discontinuities on z," ++ ;" = 1. However the scalar function zf (¢, )
= — (1 4+ ysint) @° + @) is strictly concave in x for 0 < t < o, and
Y(xr) = limsup;e, — (1 4 ysini) (@ + 2°) £ =01’ + ) <0
for x # 0. Hence by Theorem 2, the point x; = 0, ¥, = 0, is a uniformly,
asymptotically stable point in the large.

As a final remark it should be mentioned that the present results may
be used in deriving sufficient conditions for the controllability or non-
controllability of systems of the type @ = f(t, =, u(t, )) where u is a
m-dimensional control veetor to be scleeted from a compact convex set,

1
1

ANV IIA
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of the m-dimensional real number space. This is being investigated now
and will be reported on later.
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ON COMPUTING OPTIMAL CONTROL WITH INEQUALITY
CONSTRAINTS*

YU-CHI HOt axp PIERO B. BRENTANI]

1. Introduction. The growth of interest in the problem of optimal control
has reached exponential rate in the past few years. The volume of papers
and reports even in the special case of the bang-bang control problem, is
almost large enough to fill a five foot shelf. I'urthermore, most of these
problems seem to require treatment by techniques not ordinarily associated
with the familiar Laplace transform theory or other tools commonly used
by practicing engineers. This is undesirable from the viewpoint of quickly
reducing the theory to practice. It is the understood purpose of this sym-
posium and this paper to accomplish the following: to present in a self-
contained manner a body of recently developed techniques in the control
field; to derive useful results using a minimum of advanced mathematics
but a maximum of physical and geometrical intuition; and to show concrete
working applications of the theoretical results.

To achieve these ends, we shall adopt a four step procedure in presenting
the material:

(1) The basic motivation and approach to the solution of a general opti-

mal control problem will be given immediately after its statement.
This will serve as an outline and guidepost for the detailed develop-
ment which follows.

(2) The method of solution will be presented for a special class (linear) of

optimal control problems to illustrate the steps involved.

(3) The necessary modifications for extension to the general (nonlinear)

case will be shown.

(4) I'inally, practical applications and experiences will be discussed.

1t is well to point out here certain basic assumptions we have adopted in
writing this paper. We have assumed that the readers to whom this paper
is addressed are not overly concerned with the matter of rigor in the techni-
cal developments. For example, any function used will be assumed to possess
the necessary degree of smoothness to give rise to continuous derivatives
of such order as may be required. Moreover, we shall not hesitate to drop
the use of any terse, but precise, technical terms in favor of a more pic-

* Received by the editors July 5, 1962 and in revised form April 16, 1963. Presented

at the Symposium on Multivariable System Theory, SIAM, November 1, 1962 at
Cambridge, Mass.

T Harvard University, Cambridge, Mass.
1 Deceased. Formerly with the Minneapolis-Honeywell Regulator Co., Boston,
Mass.
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turesque but perhaps less scientific description if the latter motivates our
intuition better. On the other hand, we shall attempt to be accurate in the
conceptual description of the various methods of solution, e.g. the distine-
tion between the necessity and sufficiency of a condition will be emphasized
instead of the pathological case for which such a condition does not apply.

2. Notations and terminology. Since this paper concerns methods applic-
able to general systems, it is necessary to manipulate formulas and equations
possessing an arbitrary but finite number of variables. Thus, the use of
vector matrix notation is almost imperative. The transpose of a vector or
matrix is denoted by the prime '. The inner or vector product of a vector

with itself is called the norm and is denoted by 'z = ||z ||* = 2 im al
The generalized norm is then given by a’Ax = ||z || .* = Dia 21 T ;a4

provided that A is positive definite. Components of a vector or matrix are
indicated by subscripts. Occasionally, when additional clarity is desired or
possible, we shall employ the subscript notation in conjunction with the
vector-matrix notation.

Finally, it is assumed that the readers are familiar with the state descrip-
tion of a dynamic system at least on the conceptual level. The detailed
description and definition of terms such as state variables, trajectories,
ete. can be found in [2] and [8].

3. Problem statement. To state the control problem properly, it is neces-
sary to define some terms:

(A) Plant—Throughout the paper, it is assumed that the dynamic
system, or plant, under consideration is governed by

) & = f(z;u;t); x(ly) = ¢

xzsz(xly Xy ULy aur;t);xi(tﬂ) = Ci, fors = 1, R (4

where ;s are the generalized state variables such as position, velocity,
energy, mass, heat, etc. Equation (1) further implies that the future
behaviour of the system is completely determined by the specification of
the state of the system at any one instant (a finite set of numbers) and
the input %(t) from that instant on.

(B) Performance criterion—The performance of the system is measured
by

(2) J =) + [ L, uw, 0

where the interval {; — & is called the control interval. If we define

(3) gy = L(x; u;t) = fo(x; u; t); 20(l) = 0,
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then
(4) J = Ma(t)) + xo(h) = ¢(x(h)).

Thus, there is no loss of generality if only the minimization of ¢(x(#;)) is
considered by adjoining (3) to (1) and the addition of an extra state
variable zo . Hence ¢ = 0, --- | n.

(C) Constraints—In addition to (1), it is often required that the behaviour
of the dynamic system satisfies certain constraints. There are generally
two types:

(1) terminal constraints are represented by

(5) Y(z(h), ) = d

or
Vil (8), - - 2.(8), ) =di, fori=1,--- , m=n

(ii) the so-called in-flight constraints are imposed on the system through-
out the control interval. Typically,

(6) lz(0)] = B(1)
(7 [u(@®)] = v(1)

Note that these are inequality constraints rather than equality constraints
(the latter when imposed would simply reduce the number of state vari-
ables). By redefining state variables it can also be shown easily that more
involved functional constraints of the inequality type can be handled by
(6) and (7).

It is now possible to formulate two problems of interest:

Optimal control problem: Given (A), determine w as a function of time
such that (B) is minimized subject to (C).

Optimal feedback control problem: Given (A), determine u as a function
of the instantaneous state x such that (B) is minimized subject to (C).

The problems! as stated above are quite general. The determination of
the thrust program of a rocket such that it arrives at its destination with
maximum payload is an example. The determination of the start-up se-
quence of a chemical process such that it reaches the operating point with
minimum cost is another example. The optimal control problem is essen-
tially open loop since the solution is only optimal with respect to the given
initial conditions of the system. On the other hand, solution of the feedback
problem permits closed loop operation which is important in many applica-
tions where noise and random disturbances are present. However, solution

1Tt is assumed that solutions to these problems exist, i.e., the problems are well
posed.
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to the closed loop problem proves to be very difficult. Only in the case
where: (A) is linear, (B) is quadratic, and (C) are simple terminal con-
straints does one presently have a closed form solution. On the other hand,
the open loop optimal control problem is nevertheless important in its own
right for the following reasons: (i). The open loop solution will permit us
to examine the ultimate performance of the system. This knowledge is
necessary when one wishes to evaluate any suboptimal or approximately
optimal control scheme for feedback operation; (ii). In many applications,
an open loop solution is all that is required, e.g. in trajectory analysis of
space missions; and (iii). There are cases, e.g. 24-hour satellite control,
where the open loop solution can be carried out on a sufficiently fast time
scale compared with the dynamics of the system so that one effectively has
instantaneous solutions. Thus, feedback operation is again possible.

In this paper, we shall concentrate on the development of methods for
the solution of the general optimal control problem. For a discussion of the
closed loop problem, readers are referred to [13] and the discussion following
[8].

The optimal open loop control problem as stated above is known as the
Bolza problem in the calculus of variations. Iiffective numerical methods
for solving the general problem were not known until the recent work of
Bryson and Kelley [1, 3].2 The purpose of this paper is to treat the problem
from a somewhat different viewpoint by emphasizing the roles played by
the constraints. This approach was motivated by the results obtained in
the original solution of the well-known bang-bang control problem [8.]
Briefly, we consider the following steps to the solution of the problem:

(1). Discretization of the problem: Since a closed form solution to the
general problem is not available at present or in the foreseeable future, we
congider a numerical solution using a digital computer. This implies that
the problem must be discretized in some manner either by replacing the
differential equations with difference equations or assuming, as we have
done, that the control « is piecewise constant.

w(l) = ullo + kT, b+ FT <1< to4 (k+ DT,
Lk = ()’ ’K._ ]’

2 There have been other proposed numerical methods for solving the general
two point boundary value problem. Almost all these methods involve the repeated
integration of the system as well as the adjoint set of differential equations in one
direction. Except in special cases, one set of these differential equations is always
unstable which leads to numerical difficulties concerning convergence [see W. Kipi-
niak Dynamic Optimization and Control M.I.T. Press, 1961 p. 42]. On the other hand,
this difficulty is not inherent in the approach to be described. For the more specific
class of variational problems, e.g. time optimal linear solutions, there are various
special techniques (see Lee [15] and Neustadt [16]). Kalaba [17] introduces another
numerical method, which however does not handle inequality constraints.

(8)
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where T = (& — &)/K; i.e., instead of determining a continuous time
function, the values of the function at discrete instants of time are de-
termined. The control interval is divided into many steps. Thus, the
problem can be regarded simply as a problem of minimization of a func-
tion* of many variables complicated by some additional equality and
inequality conditions.

(i) Solution by successive approximaiion: In order to locate the minimum
of a function of many variables, one often employs the method of steepest
descent or successive approximation. Conceptually, one starts the solution
by guessing a set of values for the variables. This yiclds a certain value for
the function which is generally not optimum. IFor this trial or nominal set
of values, one computes the gradient of the function. It is well known that
the direction specified by the negative gradient is the direction along which
the rate of decrease of the function is the greatest. Thus, knowing the
gradient one in fact knows how to change the nominal set of values of the
variables to obtain an improvement in the criterion function. This process
can be repeated for each new set of values of the variables with a small im-
provement each time in the criterion function (so as not to violate the im-
plicit assumption of linearity when only gradient information is utilized).
In the limit, the process hopefully converges to the true minimum.

(iii). Problem of constraints: The procedure in (ii) is applicable if no addi-
tional constraints are imposed on the system. The effect of the constraints
is to make the gradient of the criterion function nonzero at the minimum.
In fact, the gradient takes on definite values depending on the constraints.

Consequently, the solution to the general optimal problem reduces to
essentially three crucial questions:

(1) How to compute the gradient?

(2) How to make a descent subject to the constraints using the gradient

information?

(3) What is the value of the gradient at a minimum (or how can one be

sure that a minimum has been attained)?

The answer to these queries can be found by applying some elementary
knowledge of differential equations, n-dimensional geometry, and nonlinear
programming, respectively. This will be developed in the next section for
the special class of linear systems and extended to nonlinear systems in
later sections.

3 Obviously, there are many other means for discretization each entailing a differ-
ent degree of approximation. However, these are subjects of numerical analysis and
are outside the scope of this paper.

4 The actual functional relationship may be exceedingly complex and impossible
to write down analytically. However, in all that follows, we shall never need this
functional relationship. All that is required is that the function be computable, i.e.,
the governing differential equations are given.
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4. Linear systems. In this section, the following assumptions are made:
(A) Plant—The dynamic system is governed by

(9) z=F{)x + g(t)u, z(ty) = c.

Only single input plants are considered here to simplify the discussion.
However, extension to the case of multi-input plants is straightforward
and is discussed later.

(B) Performance criterion.

n n

(10) J = e = 21 _Z;xmm = &' (t) Ra(tr)
=1 =
where R is a positive definite or semi-definite matrix.

Although a treatment of more general criterion functions involving
integrals can be included as shown in section 3 by defining new state
variables, we shall not do so here, since this will add a nonlinear equation
to (9) and destroy the simplicity of the linear equations which we wish
to preserve in this section.

(C) Constraints—One of two types of constraints will be considered:

(11) lu()] = ()
(12) Lz (O] = B(t)

where x; is any component of the state vector.

From the above assumptions, it is seen that only a special class of the
general problem is considered here. This is done not only because the
special problem is interesting in itself but also because it illustrates the
salient points in the general method of solution most effectively. Once the
technique has been established for this simple case, extension to the general
nonlinear case is almost trivial.

(1) Method of solution. Following the steps outlined in section 3, the
problem is first discretized by letting

(13) u(lt) =uw, bk =t<k+1, fork=0,---,K—-1=¢ —1

where we have taken the initial time ¢, as the origin and 7' = 1 without
loss of generality. Define

Uo

U1

(14) U = L;K—IJ

then the determination of w(¢) for 0 < ¢ =< 4 is equivalent to the determi-
nation of u, the vector of values of u(¢) at different control steps. Hence-
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forth, we shall use u and u(¢) interchangeably in this section without
further explanation.

Now we pose the question how does the criterion funclion J change due
to a change in control al step k? This is given via the chain rule for differ-
entiation

(15) o _ E 8 ozi(ty) fork=0,---,K — 1.

which says that the change in J due to a change in control at step &k can
be evaluated by first calculating the change in J due to change in the
terminal states and then the changes in the terminal states due to the
change of control at step k.

Now define 9x;(f,)/dux as the ikth element of an (n X K) matrix H,
then eqn. (15) can be written as

(15)’ Grad,J = H'(Grad,»J) = 2H Rx(ty).

TFor any given control u, (Grad,,J) can always be easily computed by
computing x(4) through direct integration of the system equations. Thus,
the problem of calculating the gradient is reduced to the problem of calcu-
lating the elements of the matrix H, i.e., the change in the terminal state
x:(t;) due to a change in control w, . This is provided by differential equa-
tion theory [10]. We have

i

(16) () = ®(ty, o)z (l) + /t (1, H)g(t)u(t) di,
0

where ®(i, &), ®(1; , 1) satisfy the equations®

(17) L al,6) = FO(,0); 80, 0) = 1

(18) %q»’, (h,r) = —F' ()& (l,7); ol , ) = I.

Eouation (18), the so-called adjoint equation to the system equation, is of
direct value to us since from (16) we get,

. k1 n n
(19) 2=~ = f}; > bii(tr, 0g;(0) dt = (H)a & 2, ii(lr, £)g;(£)

U i =1

where k < ¢ < k + 1. Thus, the matrix H can be calculated by integrating
(18) backwards from ¢ = # with the initial condition ¢:;(t, &) = 8.

Now consider a small variation éu about any given control u, then a
first order series expansion yields,

& The derivation of (17) and (18) can be found in many texts such as [10].
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oo
(20) AJ = Juysw — Ju = (GradnJ) ou = 2 Fo Suy, .
k

k=0
One sure way to obtain an improvement for the criterion function J
is to make duy to have the opposite sign of 9J/9us , i.e.,

5 1 aJ
uk(now) — uk(o d)y _ 7 <_>
U

where 7 is a positive scale factor regulating the amount of the change in
control. However, such a change in control may not always be possible
due to the constraints on w or x; (11 and 12). Furthermore, even if it were
possible, the scale factor n must be determined so as to ensure J" — J°
< 0.

Case I. Constraint on u(l). Suppose we consider the second term in the
series expansion of (20), then

(21) AJ = (Grad,J) su + 6w H'RITsu.

We wish to choose a small 6u such that AJ in (21) is less than zero. This
is done by first defining a dummy vector v proportional to du,

(22) ou = .

The vector v is then determined by either of the two following equations,
and the proportionality constant n by (25)

. o
vi—u it — Ju; > (v — w)
aJ . o
(23) v = o it —y; —u; £ — o = (vi — w),
J J
aJ
—v; — uj if E < =i T Uy, j =0, K —1
7
or
Y — Uy if — (')J— =0
du, .
(24) vj = 2] ’ J = ”]<_]
—vy; —u; if = Y0
[ ou;
and

(GradeJ) v
D r = — e e ¢ e+
(25) n = sat [ Wik |’
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where

. _Ja if |al
bat(“)‘{ﬂ it |l

IV A

1
1.
Equations (22-25) essentially accomplish the following tasks: (a) Equa-
tion (20) tells us the direction to move in the “solution space” (the space
with wy, %1, -+, ux_1 as coordinates) to obtain the largest change in
the criterion function J. (b) However, the constraint (11) may, and
often does, prevent us from making a descent in that direction. Conse-
quently, a feasible direction of descent has to be chosen as represented by
(23) or (24). These are the directions that do not involve a sign change
of the gradient components. (¢) Equation (25) then tells us how far we
should go along this feasible direction to get the best improvement.
Iligure 1 provides a simple geometrical interpretation of the process.
Here, for the sake of illustration, only a two dimensional solution space is
considered, i.e., the control interval consists of only two steps. Every
point in the solution space represents a control. The set of admissible con-
trols is inside the rectangle with center at the origin, while the lines of
constant J are quadratic surfaces in this solution space. For any point 4
in this space the gradient separates the space into two halves. Small

DIREGTION OF NEGATIVE
GRADIENT

e e e DIRECTION
- ONE

LINES OF CONSTANT J~\/
!

TANGENT LINE
AT A

/ / " / 77777 4\
REGION OF GONTROL

ADMISSIBLE

T'ia. 1. Solution space interpretation
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movement from A into one side causes the function to decrease; into the
other side, to increase. Direction AC is simply the projection of the nega-
tive gradient onto the boundary and is the direction specified by (23),
while direction AB seeks the nearest vertex as specified by (24). The
distance to go along either of these directions is determined by the vari-
ation of J along these directions. In Tigure 2b, it is not advantageous to
proceed as far as possible, i.e., n < 1, while the reverse is true in Figure
2a. These geometrical interpretations extend directly without modifi-
cation to higher dimensions.

Case I1. Constraints on x;. This case can be easily reduced to case I.
We note that

(26) dx; = Béu,
where
dx;(1) /duo
dx;(1) , ,
51131' - : and B = ax](2.)/6uo ij(.Z)/aul

ox;(K) : )
dx;(K)/dug - - - 9z;(K)/dux_4

All the elements in B and (Grad,J) are known quantities and can be
computed as discussed before. Ifurthermore, since B is always triangular
(a direct consequence of the causality property of the dynamic system),
it is feasible to invert B. Then substituting (26) into (21), we get

(27) 8J = (g)'ox; + o2 (B™)'H'RH(B")éx;
where
(28) g" = B (Grad.J).

Now the situation is same as before, a computing scheme analogous to
case I is defined by letting

(29) 55(3]' = nuw
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Be — z;(8)  if —gi > (Be — z;(£))
(30) we =14 —gf it —Be— a;(0) £ —gf £ (B — a;(0))
—Be — x;(£) if —gi < —Bt — 2;(£)
or
Be — z;(0) it —gf =0
(31) we = t=1,---,K
—Be — a;(f) if —gf <0
B _ (g") w ]
(32) = Sat[ 2w (B~ H'RHB ]

Exactly the same geometrical interpretation as in I'ig. 1 applies in this
case, except that here the space formed with the coordinates z;(1),
2;(2), - -+, 2;(K), must be considered. Every point in this space defines
a trajectory. Changes in trajectory are linearly related to changes in control
by the linear transformation B. Thus a hypercube in the x;-space becomes
a polyhedron in the solution space. This is precisely the reason why it is
difficult to determine a feasible improvement directly in the solution
space for the constrained state variable case. The boundary on w at one
time depends on the change in % at other times. To completely specify
the boundary of the polyhedron in the solution space the position of 2*
vertices must be determined. For any practical K, say 100, computation
time can easily surpass the age of the universe.

(2) Convergence and optimality. Section 4, describes a complete cycle of
computation for linear optimal control problems subject to control or
state variable constraints. Hopefully, by repeated application of this
procedure, the true minimum will be monotonically approached in the
limit. The purpose of this Section is to indicate that this is indeed so.

Intuitively speaking, there is really no question concerning the con-
vergence of the method. This is clear if we refer back to the geometrical
interpretation of the problem in Figure 1. The situation there can be
thought of as that of setting free a marble on the surface of a bowl which
has constraining walls built in it. Depending on the location of the con-
straining walls, the marble eventually rolls to a stop at (i) the bottom of
the bowl, (ii) against the side of a constraining wall, or (iii) at the inter-
section of more than one constraining wall. Such a point is obviously the
global minimum for the problem. Algebraically, this is expressed by the
fact that the computation process comes to a stop only when

e — U = 0 when (Grad,J); <0
(33) vk > ur >—vr when (Grad,J); =0 k=20,---,K — 1.
—v — ux = 0 when (Grad,J)z > 0.

This claim can be seen as follows:
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If (33) were not true and the computation stops (i.e. improvement
becomes infinitesmal) then (23) or (24) must define a v which is not
infinitesimal. Thus 7 given by (25) cannot be arbitrarily small which
implies that AJ from (21) is not infinitesimally small. This contradicts
the assumption that no more improvement can be made.

Equation (33) says that the terminating (hopefully optimal) control has
the property that every gradient component is either zero when the control
is off the boundary (meaning no improvement can be made even though
variation is possible) or pointing outwards when the control is on the
boundary (meaning that improvement is possible only by violating the
constraints). Thus, the terminating control obviously satisfies the neces-
sary conditions for an optimum. To prove that the conditions of (33) are
also sufficient, some further artifices must be constructed and certain ele-
mentary knowledge of nonlinear programming must be invoked. Define,

—-1 0 N
0 -1 .
-1 0
o - . - 0 -1 b
A = 1 0 .0 (2K rows vy = L;” 2K rows
0 1 0
1 0
0 0 1 ]
K cols.

[ el

then the optimal control problem with constrained u can be restated as
minimize J subject to Au — v; < 0. Now consider the Lagrangian

(34) ¢(u, ) = J + N (4du — ).
Differentiation directly verifies that

(35) Grad,g(u’, \°) = 0,

(36) Grada¢(u’,\) £ 0 for = 0,
and

(37) N(4u’ — ) = 0.
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Further, ¢ is convex in u since J is convex in w. If «” is given by (33) and
A’ is given by

as| .
(38) M=o T T w=0
0 if —yi— w50
k=0 ---,K—1
ar| .
(39) News = {lau| T T =0

0 if Yo — Uk F 0,

then (35-37) and the convexity say that the particular pair «’ and A\°
yield a saddle point for the function ¢ for A = 0 i.e.,

o(u, \') = o(u', \) = o(u’, N)

for all A = 0 and all admissible w. However, by a well-known theorem of
nonlinear programming [11] we know that if «’, A’ is a saddle point for ¢
then »’ must be a global minimum for J. This proves the sufficiency. The
same arguments can be employed for the case of constraints on x; since
it is one-to-one related to the w-constrained case. We omit the details.

Actually, the above construction is not as artificial as it may seem at
first glance. Equation (34) is highly suggestive of the conventional La-
Grange Multiplier method for minimization subject to equality constraints.
The method of nonlinear programming merely extends this approach to
the case of inequality constraints. The multiplier A is seen to be intimately
related to the gradient of the function to be minimized (39) which is in
turn given by the solution of the adjoint system of equations (18). In
the classical calculus of variation literature, the adjoint equations are
known as the “multiplier rule” and their solutions the “multiplier funec-
tions.” Viewed in the present context, they acquire more of a physical or
intuitive appeal and justify their existence through very simple arguments.
The method described in section 4 is simply a constructive approach to
the determination of the multiplier A or the multiplier function A(¢) if the
vector is viewed as a time function. Reference [8] shows how, in the well-
known bang-bang control problem, the gradient (Grad.J) can be re-
interpreted to yield the various known conditions for an optimum.

It is also possible to derive an interesting conclusion when one of the
state variables is constrained in magnitude. Equation (26) shows that it is
identical to the control variable constrained case except for the additional
nonsingular linear transformation B. Since such a transformation pre-
serves all properties in linear spaces, we are led to the following conclusion:

For linear dynamic systems, the minimum time or the minimum terminal
error (provided it is finilte) problem when one of the state variables s con-
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strained will have bang-bang solutions, i.e., the constrained state variable
must remain on the boundary at all times except at the instant of switching.
Consequently, there must be tmpulsive actions tn the optemal control function.

This conclusion is experimentally verified in section 5 where computer
simulations of the techniques discussed here are carried out.

(8) Remarks and extensions. Having described the method in previous
sections for a special class of systems, we are now in a position to discuss
some ready extensions of the method to more involved cases. The frame-
work of a linear dynamic system, however, will be retained.

Multiple control and state variables constraints. For purpose of discussion,
we shall assume there are r input and p state variable constraints.

(1) r constrained inputs, no state variable constraint. Since the system is
linear, the superposition principle holds. Instead of one gradient, there
will be several. Equation (20) becomes,

(40) AJ = (GraduJ)'su' + -+ + (CGrad.J)'su” + O((su)?).

For every constained input, we have

m m . aJ m
vi o=y if T oun > (vi" — u™)
Uy
m aJ . m m aJ m m
(41)  v" = ~ou if =" =" < ~ up < (v" = w™)
m m . aJ m m
=y —uy if Ton STV T U
Uy

j=0)"'aK_1)

i.e., a set of equations similar to (23). The method and the proof of con-
vergence may be made in the same way.

(i1) r unconstrained inputs and one state variable constraint. In this case,
one of the inputs can be used to keep the system within the state variable
constraint, e.g. the first input.

We have éz; = Biou' + --- + B,du’. Then (40) becomes

(42) AJ = (¢D'sx; + X [(Gradusd) — (Grad,J) By 'Blou™
m=2

Instead of (41), we use,

(43) o™ = —jth component [(Grad,'J) — B, (B ") (Grad.J)]

m = 2, ,7

j=0,-,K—1.
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Be — x;(€)  if —gc" > (Be — z;(£))
(44) we =14 —g" if —B—a;(f) < —g" < (Be — x;(£))
—Be — z;(¢) if —gi" < =Bt — 2;(4)
(=1, -, K.
which is the same as (30), and
su' = By (du; — Byu' — -+ — Bdu").

Equation (43) in this case simply expresses the fact that there are no
constraints on inputs 2 to ». Since originally there are no constraints on all
inputs, it does not matter which input is chosen to keep the system within
z; limits. In practice, there may be other considerations which will cause
us to prefer one input to another.

(iil) » unconstrazned inpuls and r constrained state variables. This is
analogous to Case II discussed in section 4. All constraints on the » state
variable are reflected as constraints on the r inputs. The relation is pro-
vided by a(rK X rK) matrix which is block triangular. Consequently, its
inversion means the inversion of a series of (r X r) matrices. This may
become computationally unfeasible for large r. Otherwise, conceptually
the solution is the same as Case II in section 4 with (30) duplicated r
times.

(iv) r unconstrained inpuls less than r constrained slale variables. This
case is equivalent to (3) plus the addition of ¥ — p unconstrained inputs.
Conceptually the solution is the same as (2).

(v) General input/output constrained problem: We shall only discuss
the case to illustrate the problems involved. Consider the same problem as
in Section 4 but with both the control constraint (eqn. 11) and the state
variable constraint (12) imposed. Then to perform one cycle of the suc-
cessive approximation computation we must solve the following problem:
determine su such that (Grad.J) su < 0 subject to

—B—x;§B6u=6xj§B~—x,-
-y —uUu=u=sv— u

The difficulty with this case is the fact that with both constraints imposed
it is no longer convenient to work in either the u-space or the x;-space.
Both constraints cannot be expressed simply in any one space as we have
done in Cases I and 1I. However, the above problem can be recognized as
one iteration of the following linear program problem: minimize (Grad,J)'v
subject to

)
IA
=
<
IA
Q
+

i~

A
<

IA
<
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where we identify » as 6u, a” as 8 — z;, and b as v — wu, etc. Algorithms
to perform iterations for linear programs, such as the simplex method, are
well known. Thus, we find that the general input/output constrained
problem can be solved by a series of linear programs with different cost
vectors (Grad,J ). This statement applies also to the more general case
with several constrained inputs and outputs.

Another terminal criterion. Instead of J = || 2(t)||z’, one may consider a
general terminal criterion J = ¢(a(4)). The only requirement is that ¢
should be convex which is almost invariably satisfied in practice. Compu-
tationally, we simply replace 2 Rx(#) by (Grad.,¢) in all the equations
in section 4. In (21), (25), (28), and (32) the matrix R is replaced by
the matrix formed by 0°¢/0x:(t)dx;(#). This, of course, is equivalent to
fitting a quadratic surface to the general surface at the point in question.

Determination of “n”. It was pointed out that the scalar variable “n”
in (22) and (29) plays the role of distance of descent along the feasible
gradient direction. A reasonable value for “n” was given by (25) or (32)
which requires the evaluation of second partial derivatives. Since we are
concerned primarily with devising an efficient method for making an
improvement, use of (25) or (32) may be computationally uneconomical.
A more crude approach would simply assume some ‘“»’” and integrate the
system equations to verify if an improvement has actually been made.
If the new control produces a worse J, then the error in estimating the
improvement gives us an estimate of the magnitude of the 2nd order term
in (21) or (28). A new and appropriate “»n” can then be chosen and tried
again. There always exist a # > 0 such that the new control yields an
improvement,.

Problem of terminal constrainis. In addition to minimizing ¢(x(4)), the
problem may require that the state of the system terminate in some sub-
set of the state space by the additional constraints

(45) Yi(x(lh)) = d;, fori =1, - ,m.

To handle such a case, we modify the eriterion function to

(46) J = @) = o) + 2 mwile) — 0’

where ¢, is some clearly unattainable minimum of ¢, and u; are large posi-
tive constants. It is intuitively reasonable that the solution to the modified
problem without the terminal constraints can be made arbitrarily close to
the original problem with the terminal constraints, provided the u.’s are
chosen appropriately. Details for doing this can be found in [9].

There is another exact way of incorporating terminal constraints when
no in-flight constraints are simultaneously present. This is the gradient
projection technique due to Bryson [2]. Essentially, the idea is to project
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Min

x(tl) ” i

100%

- : t. solution time
minimum solution 1

time for zero norm
Fiaure 3

"
—

the gradient (Grad,.J) onto the intersection of the hyperplanes tangent to
the surfaces ¢;(x(t)) = d;, 7 = 1, - -+, m at the point in question in the
solution space. If the improved solution is obtained by moving along this
projected gradient, then the new terminal state due to the improved con-
trol does satisfy the terminal constraints excepting for a second order
effect. A correction scheme to handle the error accumulated can be easily
incorporated. The computation process stops when the projected gradient
becomes zero, i.e., the gradient is normal to the subspace defined by
1ll/l(x(tl)) = d177' = 1: T, M.

When in-flight constraints are present, the incorporation of the gradient
projection scheme is much more cumbersome. It is not clear at this stage
which of the two schemes (gradient projection or penalty function) is
more efficient in practice when in-flight constraints are present.

Problem of minzmal time. This problem is usually stated as minimizing
the time for the system to reach some fixed terminal state. However, an
equally satisfactory way is to minimize the error from this fixed terminal
state for a fixed time. If the minimum error for a particular fixed time is
finite, then it immediately follows that the time optimal problem can not
be solved in this amount of time. Thus, by observing the behaviour of the
minimum error problem for several fixed times, the minimal time can be
found quickly. This situation is illustrated in FFigure 3.

General problem of variable terminal time. Instead of a fixed control in-
terval, the problem is to be terminated when a certain stopping condition

(47) Qz()) =0

is reached where © is usually some monotonic function of time such as the
altitude. The change in the criterion function due to changes in terminal
state now becomes a more complicated expression. We have,
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= (Gl'ad;,;(tl) J),&Ii(tl) + Z;t] oly
(48) '

- o

The second term is contributed by the fact that a change in the terminal
state also changes the termination time. I'rom (47),

6 =0 = (Gl'adw(h) Q),Bl(tl) + (C]—;tzatl
(49) |

= oz (tl)
Combining (48) and (49) and eliminating 6t1 , we get,

dxi(t) +

7 ’
oS = <Gradx(,1) J — ‘é(}radx(tl) SZ) oz (ty)

or
(50) 8/ =< of _J o2 >
oxi(ty) dxi(t) Q@ oxi(tr)
The vector 8J /dx:(t1), 7 = 1, - - -, n plays an equivalent role as the vector

(GradaqyJ) = 2Rz(l) in all equations in section 4 or the more general
vector (Grad,,)¢) as discussed earlier in this section. If this identification
is made, all other aspects of the method remain the same. Lastly, (50)
can be directly generalized to cases where additional terminal constraints
are present. This then becomes the gradient projection technique of
Bryson and Denham [2].

5. Nonlinear systems. Actually, almost all the crucial steps towards the
developement of a general, computational method for the solution of the
optimal control problem as formulated in section 3 have been worked out
in the last section. The extension to the general nonlinear case is really quite
trivial from a conceptual viewpoint. Essentially, we adopt the following ap-
proach: For any given conitrol to a nonlinear system, there results a specific
trajectory. The equation of motion can be linearized about this nominal trajec-
tory. For small perturbation in control and trajectory, the system obeys the lin-
earized set of differential equations. Consequently, the techniques developed in
the previous section can be used to devise a small improvement in control. Hav-
ing obtained a new control, and thus, a new trajectory, the nonlinear equations
can be linearized again about this trajectory. The compulation cycle repeats.
Mathematically speaking, the idea is expressed by considering a variation
of control and trajectory to the system differential equation (1).
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(51) &+ 8t = f(x + dx; u + u;t), z(t) = c.

Expanding the left hand side of (51) by a Taylor series and simpliflying,
we obtain the well known variational equation

(52) 6k = F(x(t), u(t))ér + Glx(), u(l))ou, ox(l) = O

where the 4jth element of the (n X n) matrix F' is df;/dx; and the 7kth
element of the (n X r) matrix G is 9fs/duy, .

The matrices F and G are functions of the nominal trajectory and con-
trol. For specific z(¢) and w(t), they are functions of time. The solutions
to the time varying but linear differential equations (52) can be written
down as

(53) ox(ty) = ft“ ®(t, )G(t)dult) dt,

where ¢;;({1 , t) obeys the adjoint set of differential equations to (52)
(54) ', ) = —F')d (), ®,t) =1

With (53) and (54), the matrices H and B in (15), and (26) in section
4 can always be computed. Once H and B are known, the rest of the pro-
cedure goes through without modification.

As a practical matter, there is a simplification worth mentioning. In
Section 4, we considered the computation of H and B as a separate opera-
tion independent of the initial conditions of the dynamic system, i.e., the
backward integration of (18) need only be performed once before the
actual iterations and it is not necessary to repeat the integration during
each computation cycle. This situation is no longer possible for the non-
linear case. Since the matrices I’ and G depend on the trajectory and the
control, (54) must be integrated backwards during each computation
cycle to determine the H and B for that particular cycle. This involves the
integration of n* linear differential equations on the digital computer—a
straightforward but nevertheless somewhat cumbersome operation. This
labor can, however, be easily reduced to only n equations by the following
manipulation. Consider the single input case once again. Note that instead
of eqn. (15), the (Grad,J) can also be expressed as

(55) (Grad,J ) = ¢'® (Grad.uyJ) = 2¢'® Re(t), k=0,---,K — 1
where

dulte, &) dulle, &) -+« dually, &)
(56) q>l0, = :

Gunll, £ bty ) <+ Gun(l, B
where ty +k < & = bbb+ k + 1, (cf. (19) and (8)).
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Each submatrix ®," is simply the solution of (54) at some instant or
small interval o + £ to to + k + 1. Thus, the vector

p(t, &) = 28/ Ra(h)

is obtained by taking a linear combination of the columns of & (4, &)
which are solutions of the adjoint equations (54) for specific initial condi-
tions. Equivalently, if we take a linear combination of the specific initial
conditions, then we should be able to obtain the vector p(k) by integrating
the differential equation

P, t) = —F'p(t,0)
p(h, &) = 2Rx(t;)

backwards from # . This is only n equations instead of the n’ equations
specified by (54). The gradient (Grad,J) is then obtained by taking a
further linear combination of the solution of (57). For general terminal
criterion with variable terminal time, one uses the initial condition
8J /6xi(t) as given by (50) in place of 2Rxz(f;) to start the backward
integration of (57).

To recapitulate: a general, monolonically converging, compulational
method for solving general monlinear optimal control problems with bounded
control variables can be described by the following steps:

(a) Start with any feasible control w(t) as a guess.

(b) Use the u(t) and integrate the system equation (1) to obtain the nomi-

nal tragectory x(t).
(¢) Linearize the system equalion aboul the nominal x(t) and u(t) lo
obtain (52).

(d) Compute the gradient (Grad.J) by integraling (57) backwards from

ty with the proper initial conditions.

(e) Devise an tmprovement du(t) via (21)—(25).

(f) Let the new conirol be w(t) + 6u(t) and return to step (b).

Executing the above scheme many times one eventually arrives at a
computation cycle which has the properties that: (i) Ior the system equa-
tion (1), one has a set of initial conditions (%), a control %’(t), and a
resultant trajectory 2°(¢); (ii) For the 2°(t), the adjoint linearized (57)
has a set of initial conditions p°(f,, #) and a solution p’(% , t); and (iii)
Conditions (i) and (ii) are related to the fact that the variation of the
Hamiltonian

(58) H= — ;_lfi(x} Wi )P, t)

l

(57)

cannot be increased anywhere along the trajectory, i.e.,

6H = —Zg%pi(tlyt)au(t) =0, h=tsh
=1
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or
—(Grad,J) su = 0. (ef. (23))

The Hamiltonian has reached its maximum everywhere along the trajec-
tory.

The connection of conditions (i-iii) with the celebrated Maximum Prin-
ciple of Pontryagin scarcely needs mentioning.

The computation procedure for state variable constrained case is simi-
lar. We omit the details [9]. However, three points of practical importance
should be mentioned. First, it should be pointed out that the state variable
constraint is handled in the nonlinear case only in an approximate manner
since a linearization procedure is involved. A correction routine may or
may not be needed depending upon whether or not x; is a convex function
of the wy’s. Secondly, the computation of the matrix B can be most easily
obtained by direct integration of the linearized system (52) with ap-
propriate initial conditions rather than via the use of adjoint equation.
Lastly, B~ is never needed in practice. Only the solution of (26) is neces-
sary. This is a still simpler task than inverting a triangular matrix.

6. Experimental results.

(1) Linear systems. In order to obtain some computational experience
with the method, two pilot programs were written in FORTRAN for the
IBM 7090. The two programs essentially earry out the method of solution
described in section 4 for control variable or state variable constrained
linear systems. The specifications of the two programs are as follows:

Program A. Given:

a) a multi-input dynamic system & = Fz + Gu

where F' = constant square matrix (n X n)
G = constant matrix (r X n),

b) an initial condition x(0),

¢) a constraint on the controls, of the form | u(t)| = v(¢),

d) a constant square matrix R, to evaluate the performance,

e) a terminal time ¢ or equivalently the number of control steps K.
Then Program A finds w(t), 0 < ¢ < {4, satisfying the constraint (c)
which minimizes the quadratic form

V = 2’ (&) Ra(ty).

Program B. This program is similar to Program A, with the exceptions:
a) the constraint is of the form
| 2a(8)] = B(2)
where 2,(¢) is the nth component of the state vector.
b) the dynamic system has to be single input, i.e., r = 1.
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2) INSIDE WITH THE RESPECTIVE GRADIENT COMPONENT = £ 7
(1S THE SADDLE POINT CONDITION SATISFIED?)

u

NO YES
COMPUTE NEW NORM. COMPUTE TRAJECTORY WITH CONTROL JUST FOUND
YES| HAS IT DECREASED ? [NO PLOT TRAJECTORY.
ouT

Fi1a. 4. Flow chart for computer program

In both Program A and B the complete controllability of the system is
checked and the figure of merit computed [14]. Purthermore, the transient
response of the system under optimal control is also automatically plotted
by the computer. The flow chart for the programs is shown in IFigure 4.

The programs are useful in solving the following two general types of
problems for linear systems with inequality constraints: (i) to get as close
as possible to some given terminal state or set of terminal states in a given
time period; and (ii) to get to some given terminal state or set of terminal
state in shortest time.
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Examples. As an example for demonstration, we chose a linear system
described by the transfer function

_ (s + 0.5)
G(s) = G+ D6 FOE+2s+2)°

In the state vector notation, the dynamics of the system become:
P{‘ ( 0 1 0 0 [x{ |’ 0 "
“sl=lo o o 1 |la|T| 1 |T®
2 —4 —10 —10 —5||a —4.5

Assume a disturbance or an equivalent step input

IV.T[(O) 05

Lx:;(O) B 0
.’1:,1(0> 0

It is desired to bring x;, a2, @3, 24 to zero in minimum time, while con-
straining the input to | w(l)| < 1.

Using Program A repeatedly, (with a positive definite matrix R), the
results as shown in Ifigures 5 and 6 are obtained.

Instead of constraining the input it may be desired to constrain one of
the components of the state vector, e.g. x4, | x4 | = 1.

Using Program B with the same matrix /2 one obtains analogous results
displayed in I'igures 7 and 8. Note that the constrained state variable,

Minfx(tIZ

1.0

) 1
o 1 2 3 t,(sec)

I'1¢. 5. Minimum terminal norm as a function of terminal time {; (control constraint)
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u(t)

1 2 3 t (sec.)

Ia. 6a. Optimal control « for the terminal time £ = 2.5 sec (control constraint)

Xq

Xy

1 3 t (sec.)

X3 X2

Fra. 6b. State vector components when the optimal control is applied
(econtrol constraint).

x4, indeed exhibits the bang-bang property as predicted in section 4.

(2) Nonlinear sysltems. Optimal control of nonlinear systems with
inequality constraints on the control or state variable have not been solved
extensively at the time of the writing of this report*. I'or nonlinear systems
without inequality constraints, Bryson and Kelley have reported numerous

*For more recent developments, see Ph.D. thesis by W. F. Denham, Harvard
University, Division of Engineering and Applied Physics, June 1963.
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Min lx(t)1%

1.0

3 t, (sec)

Fra. 7. Minimum terminal norm as a function of terminal time ¢ (constraint on a,)

u(t)7 3 ﬂ

o

u(t) FROM Fig. 6a

F1a. 8a. Optimal control u for the terminal time ¢ = 2.5 sec. (constraint on
x4).

computational examples in [1, 2, 3, and 4]. Kelley has recently demon-
strated some examples with control variable constraints using essentially
the approach outlined in section 4 [5]. Dreyfus has solved a simple non-
linear state variable constrained problem with no terminal constraint
by another approach [7].
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X4 FROM Fig. 6b

3 t (sec.)

110+ L"e—'-—J\Xm

Fii. 8b. State vector components when the optimal control is
(constraint on z4).

applied

The difficulty with writing general nonlinear programs is the problem of
taking the partial derivatives required by (52). These have to be
programmed separately for each given problem.

7. Conclusion and open problems. In the above sections, we have at-
tempted to develop in a systematic manner a general method for the compu-
tational solution of complex optimal control problems. The derivation used
is only one of the several possible ways in arriving at the solution. Others
are the original variational approach used by Bryson and Kelley when they
first developed the method, and the dynamic programming viewpoint taken
by Dreyfus [6]. Our approach can also be interpreted in the light of the
recent work of Rosen and Zoutendijk [12, 18] on nonlinear programming.
However, here we take advantage of the properties of the dynamic system
and the nature of the constraint to make the generalized gradient projec-
tion (cf. (23), (24), (30) and (31)) computationally much simpler. The
present approach emphasizes the role of the inequality constraints and the
discrete nature of the computational process, and regards the problem as
one of nonlinear programming. In fact, to the best of the authors’ knowl-
edge, the computational solutions of the optimal control problem provided
the first unifying interpretation to the three different disciplines, namely,
variational calculus, dynamic programming, and nonlinear programming.
For simple pedagogical reasons, the readers are urged to consult the above-
listed references.

At the present stage of development of this method, there is still con-
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siderable art associated with the application of this technique to complex
problems. While there is little doubt concerning the validity of the general
approach, ingenuity on the part of the user can still help the effectiveness
of the method greatly. For one thing, one good initial guess to the optimal
solution can speed the convergence very much.

A further question in this connection is how close does this technique
allow one to approach the actual optimal solution? This is difficult
to answer, because in many cases we do not know even the form of the
actual optimal solution, particularly with nonlinear problems. Also, in the
latter case, the method does not distinguish between a local and a global
minimum, or worse yet, between a local minimum and an inflection point
if no further assumptions are made on the nonlinear functions involved.

The method of successive approximation described in this paper is an
infinite process. In practice, of course, we must terminate our computation
within a finite number of iterations. How close does the computed solution
approach the true solution thus further depends on the criterion for termi-
nation of the computation process, control of round-off error, and other
numerical approximations. These are all subjects of numerical analysis and
require separate treatment. At present, relatively little is known along
these lines concerning this technique as applied to problems of optimal
control. What one can say numerically is that “Whatever you can do, 1
can do better or at least just as good”. This is often sufficient for practical
purposes.

Inthe case of linear dynamical systems, our experience suggests the follow-
ing qualitative answers: (1) Convergence to the exact optimal solution ap-
pears to be slow with the descent schemes of (22-25); (2) On the other hand,
most of the descent was realized in the first ten to fifty iterations. Then a
large number of iterations was used in obtaining fractions of percent of the
total improvement; (3) The number of control steps employed does not
seem to affect the rate of convergence in any significant way; and (4) The
rate of convergence is dependent on the controllability of the dynamic
system.

These remarks (1-4) are more or less what is to be expected in any
gradient method of computation. It is believed that they apply also to
nonlinear problems in the same qualitative fashion. However, it is also
expected that we can utilize many of the known techniques (such as anti-
zig-zag procedures) for the gradient computation and improve the con-
vergence rate in calculating optimal controls.

For the same reasons it is also difficult at this stage to evaluate the
various methods for obtaining an optimal control for nonlinear systems.
Numerically, of course one can always compare two methods by solving a
series of identical problems using both methods. This is probably what has
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to be done if the effectiveness of the various versions of the method are to
be compared.

Lastly, it should be pointed out that at the present stage of computer
technology the gradient method described herein can solve effectively
practical problems involving single in-flight constraints of the type (6) or
(7). The problem of multiple constraints discussed in section 4, especially
the case where there are more inequality constraints than control variables,
cannot as yet be solved rapidly on the computer. In other words, it is not
yet feasible to solve a general nonlinear program involving a very large
number of variables.
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A SOLUTION OF THE GODDARD PROBLEM *
BORIS GARFINKELfY

Abstract. The problem of optimizing the thrust of a vertically ascending rocket
is solved here under the assumption of isothermal atmosphere in two important cases:
1) the jet Mach number and the fuel supply are sufficiently large; 2) the drag is a
convex function of the velocity.

The first case embraces all physical drags and is valid for the Earth; the second
extends to all atmospheres, but is restricted to drags that arc fairly common.

With impulsive boosts in velocity admitted, the solution is shown to contain a
finite number of such boosts in the sonic region of the rocket velocity, and to contain
no coasting arcs except in the terminal stage.

An absolute minimum is proved with the aid of a sufficient condition applicable to
problems of optimum control.

1. Introduction. The problem of maximizing the summit altitude of a
vertically ascending rocket, of which the Goddard Problem (1919) is a
variant, has received considerable attention in the literature. Despite the
notable advance achieved by Tsien and Fvans (1951), numerous gaps in
the theory still remain to be filled. As has been pointed out by Leitman,
Ross, et al., the problem continues to be beset by the difficulty arising from
the requirement that the mass be monotone. Solutions that meet this re-
quirement have been obtained only in a few very special cases, typified by
the work of Miele (1958), who treated flight in vacuum and the power law
of drag.

In the present paper, which is an outgrowth of the author’s unpublished
work of 1949, the class of soluble cases is considerably broadened. With the
assumption of isothermal atmosphere and the admissibility of infinite
thrust, a solution is obtained in the following two cases: (1) The jet Mach
number and the fuel supply are sufficiently large; and (2) The drag is a
convex function of the velocity. The first case is valid for the Karth; the
second is restricted to a class of drags that are fairly common. The remain-
ing case, where neither 1) nor 2) holds, is being left as a subject for future
investigation.

A recapitulation of the relevant existing theory, designed to provide the
necessary background for the current development, is incorporated in sec-
tions 2 and 5.

2. Formulation of the problem. The equation of motion of the rocket,
subject to forces of gravity, drag, and thrust, is
1) e 4+ mV + 50, (V, X)p(X)V'S + mg(X) = 0,

* Received by the editors December 18, 1962.
t Ballistic Research Laboratories, Aberdeen Proving Ground, Maryland.
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where m is the mass, V the velocity of the rocket, € the drag-coeflicient,
X the altitude, p the density of the air, S the cross-section, g the accelera-
tion of gravity, ¢ the jet velocity, and the superseript dot indicates the
differentiation with respect to the time.

We shall introduce the simplifying assumptions:

(1) C'p is a function of V ouly,
(2) (ii) g = const.,
(iii) p = ppexp (—X/L), €= const.,
define the dimensionless parameters «, 8 by
a = gt/ B = 2muy/c’posS,
0<a<w, 0<B< o,

@)

where my is the initial mass, and dimensionless variables @, v, w, ¥, and f by
= gX/c, v = V/e, w = log my/m,
@) y=w—v—a/a, [=Cpwe/s.
Then (1) becomoes
b= —y 4 f"/v+1/v — 1/a =0,

=z =2,

i

)

the prime indicating the differentiation with respect to x. The initial con-
ditions are
() x=10, v0)=0, y©O) =0;
the terminal conditions are not specified.
The quantitics m and » in (1) are bounded by the inequalitics
(7) M 2 Muin 0 —m < «,
if infinite thrust is admitted as a mathematical convenience. Such a thrust,
operating for an infinitesimal time, produces a finite positive jump Av,

while ¥ and (w — v) remain continuous in virtuec of (5) and (4). In terms
of the new variables, (7) can be written

V1= Wmax — Y — ¥ — &/a = 0,
o=y +0 + /a2 0.

The two unknown functions y (z), v (x) are connceted by a differential
constraint ¢ = 0; the system therefore has one degree of freedom, which
can be realized physically by a choice of an arbitrary v (x), ideally regulated

®)
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by a servo-mechanism controlling the flow rate m. Functions y (z), v (x)
will be admissible if y, v, 3" satisfy the constraints (5) and (8) with the
initial conditions (6), and if they are continuous except at corners, where
y' and v may be discontinuous with Av = 0. In the class of admissible
functions we seek v (x) that minimizes —u; .

The problem is thus identified with the Problem of Mayer in the Calculus
of Variations, complicated by the presence of algebraic and differential
inequality constraints.

3. The auxiliary problem. The differential constraint ¥» = 0, assuring the
monotonicity of the mass, admits subares on which ¢, = 0 while ¢, > 0;
i.e., the “burning” regime may be interrupted by the insertion of “coasting”
subares. In order to avoid such complications let us consider an auxiliary
problem characterized by the absence of the constraint ¥, = 0. While such
a formulation, used by Tsien et al., automatically eliminates the aforesaid
complication, it creates another one by admitting ¥» < 0 and Av < 0. Of
course, negative fuel consumption is a physical absurdity! The resulting
solution would not be of physical interest, were it not for the curious fact
that such an occurrence is precluded in certain practical cases. Indeed, if
the constraints are satisfied anyway in the form ¢, > 0, Av = 0, it is clear
that the auxiliary and the actual problems have the same solutions. In
particular, that such is the situation in both cases treated here will be
shown in Theorems 1 and 2 of section 12. In terms of the quantities « and

v, the two cases can be respectively characterized by:
(i) a is sufficiently small; wnax is sufficiently large;
(ii) Cpv” is convex.

Accordingly, we shall attack the auxiliary problem, which is in the

standard form of the problem of optimum control: We seek a function u(x)
satisfying

) ¢ =~y +g@yu =0,
= x = a,
subject to the boundary conditions and the inequalities:
Xy = a, y(xy) = b,
(10) (1, y (@) =0,
Y@, y,u) 20,

and minimizing some prescribed function

(11) G, y(@)).
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Here y, u, ®, ¢ are vectors of n, m, p, r components respectively, with
p<n-4 1l Inourproblemn =m=1r=1,p =0, = —x;,u = v,
and

g= (' + 1)/ —1/q,

‘//Ewmax—y—v——x/a=¢1.

(12)

Since v has disappeared from the problem, » has assumed the role of a
“control” variable, which enters ¢ (x, ¥, v) non-linearly. That the problem
is non-singular is shown in section 8 ; the solution is obtained in sections 5-14
by the application of the necessary conditions I-IV and the fundamental
sufficiency condition of Weierstrass. The first one is the multiplier rule, com-
prising the Euler, the convexity, the transversality, and the corner conditions,
treated respectively in sections 5, 13, 6, and 7.

The existence and the character of the solution intimately depend on the
nature of the drag coefficient Cp (v), which is the subject of the next section.

4. Some properties of the drag. We shall assume the usual positiveness
and the continuity of C,(v), the monotonicity of the drag,

(13) 2 (¢ >0,
and the asymptotic expansions

Cp=Ag+ Aw + Ap* + --- as v — 0,
(14) C» = By + By/v + ByJo* + --- ag v — o

Then the logarithmic derivatives k& and &' defined by

(15) k= dlog C,/dloguv, k' = dk/dlog v

Fra. 1. Logarithmic derivatives k(v) and &' (v)
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have the properties:
k@) = k(o) =1k (0) = k' (o) = 0,

(16) kEO+) >0, k(o—) <0,
E@O+) >0, k(o—)>0,
E+2>0.

Trurthermore, let C'p (v) have a single maximum at, say a, . Then %k has a
maximum at a; , a zero at a, , and a minimum at a, , while &’ has zeros at
a; and a, . It follows, in view of (16), that

(a0 — v)k > 0, (w — a) @ — a)k’ > 0,
O0<a<a<a < o,

(17)

In the analysis, the function f(v), defined in (4), and the derived funec-
tions H (v), h(v), defined herewith, will be extremely useful:

f=CoWe/s >0,
(18) H = of, — |,
h=H — of, = 0 — a)fs — f,
with literal subscripts denoting the argument of differentiation.

In terms of & and &', these functions and their derivatives can be exhib-
ited as follows:

fo= /)@ +0v+1k) >0,
Joo= F/OC+v+k)1A+v+k) +v+E]
H=714v+k),

]

(19) _
H, = vf,
h=fl0—a/v)@2+v-+ k) —1],
hy = 0 — a)fos -

Special properties of these functions, obtained with the aid of (16), are
tabulated below:

J0) =f,0) =H(©O) = H,(0) = h(0) =0,
f(o) = fo(o) = fu(o) = H(o) = h(®o) = o,
3w (0) = C(0)/8 > 0,
hy(0) = —af,, (0) <0,
2f = [, (0)0* + -+ asv—0,
2H = f,,(0)0" + -+ asv— 0.

(20)
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5. The Euler equations. Since the Lagrangian function of the auxiliary
problem is F' = N\ 4 uy, the extremals must satisfy the equavions
y =g, y,u),
N+ Mgy + oy =0,
Agu + whu = 0,
w=0 ¥z0

where A(z), u(z) are Lagrange multipliers. The substitution from (12) into
the Euler equations (21.2) and (21.3) now yields, in view of (18.2),

N Ny — u =0,
(\/0*) (He' — 1) — u = 0,

1)

(22)
leading to

(23) N =0) exp [ LU = of)e — 1] da o,

The use of the “switching function” u (x) permits simultaneous considera-
tion of subares lying in the region ¢; > 0, where ¢ = 0, and of subares
lying in the boundary ¥, = 0, where u 5 0. Three regimes are distinguished,
designated by I, B, and C:

I, Impulsive thrust, Av £ 0,
B, Burning, ¥ > 0, =0,
C, Coasting, ¥ = 0, w# 0.
An extremal is compounded of a B-subare, with impulsive thrusts I oc-

curring at a finite number of points, and a C-subarc appearing in the
terminal stage only.

During the burning stage 4 = 0, and the “optimality’’ condition (22.2)
yields

(24) ¢H @) = 1.

That a solution v (y) of (24) exists follows from (20), which gives the range
of H as (0, «); that this solution is unique will be shown in section 9,
with the aid of Condition II. Several conclusions can now be drawn. First,
(8.1) implies y < o ; then from (24) and (18) there follows

(25) H>0 v#0,

and thereforev > 0. Since the initial valuev (0) = 0 violates the requirement
(25), the burning stage must be preceded by an impulsive launching with



SOLUTION OF GODDARD PROBLEM 355

a velocity vy that satisfies (24) with the initial condition y (0) = 0; i.e.,
(26) H(v) = 1.

The initial discontinuity is thus specified by v_(0) = 0, v, (0) = vy, and
Aw = Av. Of historical interest is the value of the gravity-drag ratio mg/D,
which equals 1/f¢” in our symbols, and is optimized by (24) into H/f, or

27) mg/D =1+ v+ k.

The solution of the KEuler equations is obtained by the differentiation of
(24) with respect to z, yielding

(28) —Hy' = Hy',

followed by the substitution from (24) into (5), which in view of (18) now
becomes

(29) —aHy' = h.
Then, from (28) and (29),
(30) v = h/all,,

and, provided h 5 0, v () is obtained by the inversion of the quadrature

/o = f " dH

(31)

= x(v) — x(),
where
(32) () = f1 "t /h

defines a “rocket function” dependent only on the form of Cp(») and on
the value of the parameter a. The equation of the extremal subarc now
appears in the parametric form ¢ = z (v), y = y (v), in consequence of (24)
and (31). The special case h = 0 is solved in section 11.

During the coasting stage ¢1 = 0, u £ 0, and (5) becomes

(33) w’ + f(v) exp <——v — z + (Umax) +1=0

with the initial conditions corresponding to the “burnout”, i.e., the solution
of the equation ¢; = 0 with y (») and « (v) furnished by (24) and (31).

That the convexity conditioo u = 0 is satisfied on the C-subarc will be
proved in Theorem 3 of section 13.
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6. The transversality condition. In the control problem of section 3 the
relation

(34) [(Gx + >\g) dw + (Gu - )‘)'dy]xl =0

must hold for all dx and dy satisfying the differentiated equation & = 0,
the dot placed between vectors indicating their inner product. In the
auxiliary problem n = 1, G = —u;, and p = 0, so that dxr and dy are
arbitrary, and (34) reduces to

—1 42 =0,
A=0

35)

at x = z; . Three conclusions can be drawn. First, since both A and u cannot
vanish simultaneously, u (z;) 5 0, so that ¢, (x;) = 0. Second, noting that
|g @) | =  from (35), and recalling that y < «, « > 0, f < o, we
deduce from (12) that v(x;) = 0. Of course, both conclusions are physi-
cally obvious: x; must be reached with zero velocity after coasting with
fuel consumed. The third conclusion,

(36) Az —0) >0

follows from the observation that: 1) As » — 0 the asymptotic value of ¢
isg~1/v > 0, in view of (12), (20), and (25), and that 2) lim (Ag) = 1
as x — x; , in view of (35). Now, since A (z) cannot change its sign in virtue
of (23), the inequality (36) implies

37) Az) >0 for 2 = <ua,
which requirement can be satisfied by choosing
(38) AO0) = 1.
For future use, we note the following asymptotic values as v — 0:
(39) g~1/m, A~wv, N~—=1/  p~ —1/v,

which can now be obtained from (35), (22), and (20).
The existence and the continuity of the multipliers A (x), u (x), required
by the multiplier rule, are now assured between corners of a minimizing arc.

7. The corner condition. At a “free’” corner, the relations
(40) A(\-g) =0, AN=0

must hold, with A denoting a jump. Noting that in our problem, with
n = 1, (40) implies Ag = Ay’ = 0, and recalling that Ay = 0 in virtue of
(5), we deduce from (24), (29), and (18) that

(41) AIl = Ah = Af, = 0
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on a B-subarc. The definition of H now implies

Af _ -
(42) Z{) —‘fv ’ Afv - 07

from which the transition values v_ and v, can be determined.
Since f,,(0) > 0 and f,, (0) > 0, according to (20), it follows that f,,

has an even number of zeros, I;,,7 = 1, 2, ---, 2N. Two types of drag
function are of practical importance:
Type 1 N=0
(43) ’
Jow >0,
for which (42) has only the trivial solution Av = 0, so that no corner occurs.
Type 2 N =1,
(44)

(?) - Il> (U - I2>f1w > 0.

Then there exists a line tangent to the curve f(v) at two points v, and v,
(IFig. 2 and 3), which satisfy the Corner Condition (42), and the incquality

(45) 7)1<Il <[2 < vy.

The transition values at the corner are then determined as follows:
v = vy, vy =10y if o >0

(46) e
v = 0y, ve =10 if v, <0

It will be shown in section 9 that such a jump in velocity is required by the
Weierstrass Condition II whenever the corner condition is satisfied.

f(v)

0 Vi I| I2 Vo Vv

Fra. 2. Double tangent and points of inflection
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H*(v), h*(v) —

The results of the last paragraph can be easily generalized for any N,
with (44) replaced by

47 waII w—1,)>0,

there being a velocity jump for each one of the N double tangents.
At the junction of the B and C-subares the corner condition is satisfied
with

(48) A=Ay =Ay' = A= Au=0, A <O.
8. The Hilbert condition. With » = m = r = 1, the four unknown
functions y (x), A(x), u(x), u(x) are related by the four equations (21).

The highest derivatives being (y', N, u, u), the non-vanishing of the
Jacobian determinant is the Hilbert Condition

Fuu ll/u

(49) # 0,
Wu

or

(50) | Fuu| %0 if ¢ > 0.

Here F is the Lagrangian function, and F,, is generally an m X m matrix.
The condition assures the existence of the highest derivatives listed above,
as well as their piecewise continuity of class C*? if g and ¢ are of class CF,
and is a direct consequence of the Legendre Condition III'.

In our problem (50) becomes

)\fvv
(51) i e 0,
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and, since A, v, and H are positive by (25) and (37),
(52) Jow # 0.

Provided this requirement is met on the B-subarc, the Hilbert Condition is
satisfied, and since ¢ is analytic in our problem, the functions (y, A, v, )
are analytic between corners. It is noteworthy that the use of the velocity
v as a control variable, in place of the thrust vw’, removes the apparent
singularity of the original problem.

9. Conditions of Legendre and Weierstrass. The necessary conditions
IIT and II, modified by the inclusion of the control variable u among the
set, of slope functions, can be written for the one dimensional case, n = m
=1, as

NG (2, Y, u) + ﬂkl’uu]&uz 0,
E=Ng(,y, @) — gy u)l 20,

for all (z, y, u, N, u) belonging to the minimizing extremal, and for all
@ # wu and satisfying ¢ = 0. In our problem (53), with the aid of (12)
and (24), reduces to

1%

(53)

N
vH

(%)U—f— (5 — 0)f.] 2 0,

where f = f(5), and finally, since v, H, and X\ are positive, to the require-
ments that

20,
(54)

Joo 2 0,
f—fz @ —of

(55)

hold on every B-subarec.

In the language of geometry, (55) implies that » must be restricted to
the domain where the tangent to the curve f(v) lies entirely below the
curve. For drag of type 1, (55) is automatically satisfied; for drag of type 2,
where (44) and (45) hold, (55) is equivalent to the requirement

(56) @ =)@ — ) 20,

where v; and v, are the points of contact of the double tangent. The exclu-
sion of the interval (v, v2) from the B-subarc then demands that a corner
occur when v reaches the values v; or v, , as described in (46). Conversely,
the occurrence of such a corner satisfies the requirement E = 0, the equality
holding only at corners for v = v;, # = v,, and conversely. Consequently,
[ Edx > 0 on the B-subare, to which we shall refer as Condition II*.
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That this condition is also satisfied on the C-subarc will be proved in
Theorem 3 of section 13.
A fortiori, the strengthened Legendre-Clebsch Condition I1I'; i.e.,

(57) Jow >0

also holds, from which two consequences follow. Iirst, (57) establishes the
Hilbert Condition (52); second, with the aid of (19.4) it implies that
H, > 0. We conclude that H (v) is monotonic in the domain defined by
(56), and has an inverse H ', thus assuring the uniqueness of the solution
v (y) of the equation (24). In view of this fact, it is convenient to replace
H and h in all the equations referring to the B-subarc by H* and h* (see
Fig. 3) defined by

H'=H h'=h if (v —0)@—0) =0,
H* = H @), P =hw) if @—ov)@—0v) 0.

In the future, if no confusion results, the asterisks of H and h will be
dropped.

(58)

10. The Jacobi condition. The second variation in the control problem
defined by (9)-(11) withn = m = » = 1, p = 0 can be written

&S = [(F, — y'F,) di* + 2F, dy dz + d°Gl,,
(59) o 2 2
+ [ Wy s+ 28y a0 + i) d,
Ed]

where I is defined by ¥ =\ + w, ¢ = —y' + g(x, y,0), wp = 0, ¢ = 0.
The necessary Jacobi Condition is that

(60) &’J =0

must hold on a minimizing extremal for all dz, dy, and for all 8y, dv satisfy-
ing the differentiated equations ¢ = 0, uyp = 0.

Observe that F, = —\’ from (21.2), and that our problem possesses the
following special features: 1) ¢ = —z;, so that d°G = 0;2) F, = —u/a
in view of (12);3) u = v, and F,, = Ag,. , since ¢ is linear in v;4) At 2 =
¢ — 0 the relation dy = ¢ + ¢/ dx = 0 holds. Since ¢ = —y» < 0 from
section 12, the burnout point § = ¢ + df of a “weak’ comparison curve
lies in an arbitrarily small neighborhood of £. Clearly, 6¢ = 0 for z > ,
and pdy = 0 except on the interval (£, £ 4+ dg), whose contribution to (59)
can be neglected. With this exception, 6y and v must satisfy

—oy" + g0y + guov = 0,
w(@y + &) = 0.

(61)
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Furthermore, on the B-subarc, o < 2 =< £, where £ is the “burnout” point,
observe that 4 = 0, g, = 0 by (21.3), and the initial condition y (0) = 0
implies 6y (0) = 0, and hence the solution of (61) is 6y = 0, dv arbitrary.
On the other hand, on the C-subarc, § < z < x,, u ¥ 0, and the con-
tinuity of 6y in (61) implies 6y (¢ + 0) = 8y (¢ — 0) = 0. Hence the solu-
tion of (61) is 6y = dv = 0. Now, since 6y = 0 everywhere, dy = y’ dx, and
(59) becomes

_ £
(62) &J = [<_“ — )\,g> dx2:| + f Ao 80°.
(64 Ty zo

Finally, at x = 2; (39) yields u ~ —1/v and Mg ~ —1/v" as v — 0; on
the B-subare Ag,, > 0 by (63.1) and (57). Since « and v are positive, we
conclude that the Jacobi Condition is satisfied in its strengthened form
V', d'J > 0.

An immediate consequence is that in our problem, with n = 1, IV’
assures the existence of a field. Let a family of extremals y (z, §) be defined
by (9)-(11) with the initial condition (10.1) replaced by

(63) o =a, y)=0>b+0,

where 0 is a family parameter. That the region bounded by z = a,
& (z, y) = 01, indeed, a field follows from the following considerations: 1)
The extension of IV to 6 5 0 is trivial; 2) IV’ assures the simple covering
of the region; i.e., the existence of the function 6 (x, y), and hence of the
slope functions u (z, ¥) and multipliers A (z, ¥), u(z, ¥); 3) in a one-di-
mensional problem, the Euler equations suffice to assure that the Hilbert
integral is independent of the path.

The conclusion of the last paragraph is not affected by the special circum-
stance p = 0 of our problem. In the absence of a prescribed terminal
boundary ® = 0, a natural boundary of the field is furnished by the re-
lation ¥ 4+ z/a = wuax , which follows from v (x;) = 0 and ¢ (x;) = 0.

11, The steady states of motion. Aside from their intrinsic interest, the
lemmas of this section are required in the proof of the basic theorems of
section 12.

LemMma 1. The function K* (v) has one and only one posilive zero, 7.

Proof. The proof proceeds from (18), (19), (20), (57), (58). Two cases
are distinguished:

Case 1. o is outside (v, v;) (See Fig. 3.) Then the relations
h=0—a)fs—f by = @ — &)fww, foo > 0 imply that A* has one and
only one stationary point,

(64) min ¥ = h(a) = —f(a) < 0.
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Since the minimum is negative, the relations A*(0) = 0, A" (») = o

?
and the continuity of 2* imply the conclusion of the lemma, with

a<vy<v or vn<a<y,
(w — v)h* > 0.

Case 2. «is inside (v;, v2). Then h*, stationary on the interval (v;, v2),
attains there a minimum, min h* = h(»,). That the minimum is again
negative is implied by A (0) = 0,k (a) < 0, and 0 < v, < «; finally, h (v;)
=h@) < 0 and h* (o) = o imply the conclusion of the lemma,
with

(65)

n<a<on<vy,
@ — y)h* > 0.

LeMMA 2. On the burning subarc of an extremal, the acceleration of the
rocket cannot change its sign.
Proof. The proof proceeds from (30) and (19), leading to

’ h a
v—&ﬁ;, hv—-(l"‘;>II1},

h=hoexpf (i—%)dx.
0

Noting that & > 0, and that H, > 0 by (19), (25), and (57), we conclude
that

(66)

(67)

68) sgn v’ = sgn h* = sgn he*.
(

TaE COROLLARY, hy = 0 tmplies h(x) = 0 and v = v, follows immedi-
ately. Three types of trajectory are thus distinguished:

a) v <wvw, h(z) <0, v' < 0 deceleration

b) v > 7, hx) > 0, v' > 0 acceleration

c) v =, h(z) = 0, v = v steady state.
In case c¢) the solution (24) and (31), of the Euler equations, must be
replaced by y = 0, v = ~.

12. The basic theorems. Having constructed the solution of the Auxiliary
Problem, we shall show that under the assumptions of Theorems 1 or 2 it
satisfies the constraints ¥» > 0 and Av = 0 on the B-subarec.

TaEOREM 1. 20 < min (a1, v1) implies: 1) a < v < 2a, 2) ¢» > 0,
3) Av = 0, with the last two relations holding on the B-subarc of an extremal
of the Auxiliary Problem.
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Proof. To prove 1), observe that from (18.3)
h(a) = —f(a),
h(2a) = fQa)la + 3k (2a)),
and that the hypothesis and (17) imply

(69)

0<2a<a1<a0,
kQa) > 0.

Then (69) and f > 0 imply h(a) < 0 and h(2a) < 0. Furthermore, from
the hypothesis, @ < 2a < v; < 12, so that h = k¥ on (@, 2a), in view of
(58). The conclusion is now implied by the continuity of A* and by Lemma
1

To prove 2), observe that ¥. , defined by (8.1) as

(70)

(71) ¢2Ew’=y’+v’+i,

can be exhibited as a function of v, with the aid of (29), (30), (18), (19),
in two alternate forms:

_ h fo _H fo (v + k")
(72) ) = o+ = (vHv>[2 R G k)] :

The positiveness of v, f, H, fo , H,, 2 + k, 1 4+ v + k is assured by (16),
(18), (19), (20), and (57). There are two possibilities: Either A = 0 or
h < 0.If h = 0, then Y, > 0 in the first line of (72). On the other hand,
if h < 0, then v < v in (65); the previous conclusion, ¥ < 2a«, and the
hypothesis, 2a < a,, imply » < a, ; then (17) implies ¥’ > 0, and finally
Y, > 0 in the last line of (72).

To prove 3), recall that v; > 2a > v, and that by Lemma 2, v > v
implies & > 0, »" > 0, and conversely. Then note, with the aid of (41),
that h () = h(vy) > 0. Therefore v’ > 0if v = v; or v = v, thus excluding
the possibility Av < 0 in the second line of (46).

TFor rough practical purposes, the hypothesis of the theorem may be
replaced by

(73) M > 4,

where M is the jet Mach number, and « is the ratio of the atmospheric
specific heats. To derive this result observe that: 1) a« = gt/ = 1/xM*
by the law of perfect gas and the formula for the sonic velocity, 2) the
constants a; and v; , which are the values of v at the maximum of & (v)
and at the first point of contact of the double tangent to f (v), respectively,
lie in the sonic region, 3) the sonic velocity corresponds to ay ~ 1/M,
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and both a; and v, are generally sufficiently near ao to justify the inequalities
ar/ao > 1/2, vi/a9 > 1/2. Thus, (73) implies 2a < a; and 2a < v; .
For the Earth, with ¢ ~ 2000 m/s, g ~ 9.8 m/s*, £ ~ 8000 m, x = 1.4,
we calculate
a~ 0.02, M ~ 6,

kM ~ 8.4,

(74)

concluding that the hypothesis of the theorem is satisfied for terrestrial
rockets.

The vacuum case, p = 0, solved by Miele, corresponds to @ = 0 and is,
therefore, a subcase of the theorem. On the other hand, the constant-
density atmosphere, p = const., corresponds to @« = < and hence lies

outside the scope of Theorem 1. Indeed, Leitman succeeded in solving this
case only by invoking the quadratic law of drag, C» = const., bringing the
problem within the scope of Theorem 2.

TurorREM 2. If Ow’ is convex, then Y. > 0 and Av = 0 on the B-subarc
of an extremal of the Auxiliary Problem.

In the proof, note that the hypothesis, in view of (15), implies

(75) k+1DEk+2) +E >0,

and, consequently, ¥» > 0 in the last line of (72). Furthermore, observe
that (75), (16.4), and (19.2) imply the convexity of f(v). Hence the drag
belongs to type 1 of section 7, with no corners on the B-subarc, and with
Av = 0.

The cases of quadratic law of drag and, the more general, power law of
drag, also treated by Miele, appear as subcases of the theorem.

13. The coasting arc. The Weierstrass Condition £ = 0 and the Convex-
ity Condition p = 0 will be established on the coasting arc under the
assumption that w .. 18 suitably restricted. The proof in Theorem 3 in-
volves two definitions and a lemima.

For drag of type 2, define a constant V. (see Fig. 3) by

(76) H(Vy) = H), V:# 1,
and a function u(y) as the least root of (24),
) H(u)evr = 1.

Note that, in view of Theorem 1,
(78) V2>Uz>11>1)1>2a>‘)’,
and that w is confined to the domain

(79) u<.[1, u;Vz,
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where
(80) H >0, H, > 0.

Furthermore, observe that the function ¢g(y, v) is minimized with respect
to v at v = wu, since

(81) gy, u) =0,  gu(y,uw) >0,

and that it has no other stationary points for » < w. An immediate conse-
quence is that

(82) ay,v) <0 if v <

Hereafter we shall use the notation u(y(z)) = wu(x).

The function u is not to be confused with the optimum velocity v on the
B-subare, defined by

(83) H*@)er = 1,

and confined to the domain of (56). Note that v(x) = u(x) on the B-subare,
the inequality holding only for v, < v < V.

Lemma 3: “If [v(§) — vi][w(€) — Va] = 0, then v(¢) < u(€) andv(x) < u(x)
on (5) xl)'”

Proof: If ¢ belongs to a B-subare, then the hypothesis and the preceding
paragraph imply v(¢) = u(%). The special case v(¢) < u(f) arises when the
B-subare is absent because of insufficient fuel supply, with

(84) W max < I{;I(l)y E = 07

s0 that v4(0) =  max < 0.

If v = w at some point @« of [&, 21], then the element (z, y, 4 = v) at zx
belongs to a fictitious burning rocket. Therefore, the values y’, v/, v’ at
satisfy the relations

A+ =0
(85) )
y 4+ u o= ¥o(u).

The result follows from (71) with ¥, = 0 on the C-subare, and with v, v’
replaced by w, w’ for the fictitious burning rocket. Although w is not the
optimum velocity, (71) and (72) remain formally valid, and the conclusion
Y2 > 0, of Theorems 1 and 2, holds in view of (80). Therefore, u’ — v’ > 0
whenever u — v = 0. Since v — v = 0 at x = £, it follows that w > v on
(E? xl)'

TuaroreM 3: “If [v(§) — vi][v(g) — V] 2 0, then K =2 0 and p < 0 on
(& 1).”
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Proof: Let a bar over a letter refer to a comparison curve. Observe that
for a given (, y),

w > W max , 1< 1)(1‘) on (E; é))
(86) ® = Omax ) v = U(x) on (E) xl))

with the aid of (4). From (87) and Lemma 3, 7 < v(z) < u(z), so that, by
(83), g» < 0 for all values of v between v and v(x). The Mean Value Theorem
now leads to g(3) = ¢g(v); (53) and A > 0 complete the proof that £ = 0.
To show that 4 = 0, note that Ag, — u = 0.

The physical interpretation of the Theorem is the requirement that the
fuel supply be sufficient to preclude a burnout with »(¢) in the interval

(v1, V32). In order to relate this requirement t0 w max , note that

<

w@®) = v —log H 4+ x(v) — x(vo),
(87) o(0(D) = © e,

in view of (4), (24), (31). The hypothesis of Theorem 3 is then equivalent to
(88) [w max ~ w(vl)][w max " w(VZ)] _2; 0

Clearly, it is sufficient but not necessary that the fuel supply be so large
that

(89) ® max = w(Vz).

The results can be extended to a drag with any N > 0, as was done in
(47). Of course, if N = 0, as in Theorem 2, v; and V', do not exist. Then
the conclusions of Lemma 3 and Theorem 3 are automatic.

14. The sufficiency condition. We resort to the following variant of the
Jundamental sufficiency condition of Weierstrass, proved in the Appendix:

Let a family y(x, 0) of extremals of a conirol problem be generated by the
initial conditions (63), tnwolving 0 as a parameter. If this family constitutes
a field, and if each extremal of the field satisfies I and IT* with the appropriate
tnitial conditions, then the extremal for 8 = 0 ylelds an absolute minimum of
the control problem.

Note that Conditions I and IT* have been established in sections 5-13
for 6 = 0, and that their extension to the family defined by (63) is trivial.
Furthermore, the existence of a field has been proved in section 10. We
conclude that the hypothesis of the theorem is satisfied, and that our ex-
tremal therefore yields an absolute minimum of the auxiliary problem.

15. Summary. Under the assumptions of Theorems 1 and 3 or of Theorem
2, a typical solution is characterized by the structural formula

(90) (IB)yC;

i.e., the burning stage B, preceded by an impulsive launching I, contains
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N additional impulsive thrusts, N being the number of double tangents of
the curve f(v), and is followed by the coasting stage without fuel. The
solution therefore includes as a special case the results of Tsien and Evans,
where N = 0. An absolute minimum has been established with the aid of
the second variation and a variant of the sugfficiency principle that is par-
ticularly useful in problems of optimum control.

Theorem 1 applies to terrestrial launching and any drag function with
some very general properties listed in section 4; Theorem 2 covers extra-
terrestrial launching but is restricted to a fairly common class of drags
that includes all the cases previously treated in the literature.

APPENDIX

To prove the Sufficiency Condition stated in section 14, define w (z, y)
by

w= G(z,y) + I%,

(o1) 1% = [ (gl uy ) + bl do — nedy),

where I* is the Hilbert integral of the control problem and , N, u belong
to the field. With A denoting an increment, observe that: 1) Aw = 0 on
a closed path; 2) Aw = 0 on a boundary subarc in & = 0, in virtue of the
transversality condition (34) and uy = 0; 3) Aw = AG on an extremal of
the field, in view of 4" = ¢ (x, y, u), where u (z, y) is the “slope function”.

Next let 0 and 1 denote the end-points of the extremal for § = 0, and
let Cp, be any admissible arc connecting 0 and a terminal point 2 lying in
® = 0. Then there follows from the properties of w listed above that

w' = G(1) — G0),

w, = 0,

92) w’ = G2) — GO) + I* (Cw),
we® = w' + w’,

leading to

(93) ¢) — 6@ = I"(Cw).

Finally, note that, in view of (53) and u¢ = 0, the expression for I* in
(91) can be also exhibited as

(94) rr=[x-ga=—[Ba,

jg=g,y a); 0 # U,
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and that IT* implies I* < 0 in (94) and (93). The conclusion
95) G(l) < G@Q)
follows immediately.
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A REMARK ON “A NEW PARTIAL DIFFERENTIAL EQUATION
FOR THE STABILITY ANALYSIS OF TIME INVARIANT
CONTROL SYSTEMS”*

G. P. SZEGO} anp G. R. GEISSY

1. Introduction. In [1] Szego presented a generalization of the Zubov
method for solving the stability problem associated with autonomous con-
trol systems. This note discusses some extensions of [1], examines its last
example in detail and presents a correction, due to the second author, to
equation (57). Some interesting structural aspects of the stability investi-
gation are further emphasized and illustrated by examples.

2. Some extensions. In [1] Szegd was mainly concerned with the stability
properties of the equilibrium point « = 0 of the dynamical system [2]

(1) ¢ =f(x), f0)=0.

Two methods were developed for the stability investigation of such a
system. The first method is based upon the integration of the partial
differential equation (18 of [1])

(2) o = (grad n(z), f(z)) = Z:EZI))
where the function ¥(x) is supposed to be definite along the trajectories

of the system (1) and B,(v) to be such that the Liapunov function o (z)
converges, 1.e.,

vy ()
(3)  a'(z) = [ Bu(s)ds < o,  a*(0) =0, & =)

The second method is based upon the integration of the partial differ-
ential equation (23 in [1]):

(4) v: = (grad v (), f(z)) = 0(v2),
where 6(v;) is such that:

vo (%)
(5) a*(z) = fo Bu(s)ds < o, a*(0) =0, &* = Que)),
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where

Q(v2)
0(vs)

In the case of equation (4) there may arise what is called a “degen-
erate case”, i.e., the case in which the scalar function o (z) itself is semi-
definite. Since the scalar function aj (z) has continuous first partial deriva-
tives it follows that on the manifold M on which s (x) vanishes &5 (2)
also vanishes. Thus M is an integral manifold of (1). In the case of the
scalar functions oy (), derived from the integration of the partial differ-
ential equation (2), the same situation may arise only if the condition
that ¢(x) has to be definite along the trajectories of (1) is relaxed and
Y(z) is allowed to be semidefinite. Under these relaxed conditions equation
(2) contains as a particular case equation (4) and both the partial differ-
ential equations suggested by Zubov ([2] Theorem 19 and [3] Theorem 52).
In this case, if the resulting Liapunov function vanishes on M, the sta-
bility properties of M will be defined by the following:

TouroreM. Constder the dynamical system (1). Let

i) v(x) be a continuous scalar funclion with continuous first partial deriva-
ltves in the whole space E".

ii) 8(v) be a continuous scalar function.

iii) M be the manifold on which v(z) = 0.

Assume that:
iv) 0(v(z)) = 0n all points of M, 0(v(x)) = 0 for x ¢ M.
v) The partial differential equation

(6)  Ba(ve) =

and © = Q(v;) is any semidefinite scalar function.

(7) (grad v(z), f(z)) = —0(v)
1s satisfied in the whole space E".

vi)
(8) v(2)0(v(z)) = 0

in, the whole space E".
vii) The trivial solution v = 0 of the equation

(9) b= —0(v)
s globally asymptotically stable.
viii)
I) Cl/(p(x, M)) = IU(IZI)[,
(10)

) ale(z, M) = [v(@)] = b(p(z, M))

where p(x, M) is the euclidean distance of the point x from the set M, a(r)
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and b(r) are positive definite scalar functions, and a(r) is such that
lim, .. a(r) = oo ;then ¢f viii 1) is satisfied lim,.., p(x(t), M) = 0 for all
nitial conditions, and if viii I1) s satisfied M s globally asymptotically
stable.

Proof: The assumptions i)—vi) imply that the manifold M is stable in
the v-norm, vii) implies that M is globally asymptotically stable in the
v-norm, viii) translates the v-norm properties into euclidean norm prop-
erties.

This theorem can be easily extended to include Theorem 2 of [5] and all
instability cases.

In the particular case in which M is a minimal set containing the equi-
librium point z = 0, asymptotic stability of M implies asymptotic sta-
bility of 2 = 0.

It is interesting to examine what form M can have and what conse-
quences its form will have on the outcome of the stability analysis. We
shall discuss the case n = 2 first. If in this case M is a closed, bounded
curve and does not contain the point x = 0 it corresponds to a periodic
motion. If it contains equilibrium points it may be a “path polygon” [6]
or all its points may be equilibrium points. If M is unbounded, then either
all its points are equilibrium points or M corresponds to a singular solution
of (1).

The same conclusions as in the case n = 2 may be reached, for the case
n =3 M=o If M = 9 and if M is compact, then by a theorem due
to Schwartz [7] we know that the only minimal sets on it will be equi-
librium points, closed orbits or the whole M which in this case must be a
torus T = 9n’. If M is not compact no immediate conclusions on its struc-
ture can be reached.

The stability problem of (1) will in any case be reduced upon the identifi-
cation of M to a problem of dimension at most n — 1, the dimension of M.

In the following example (example 3 of [1]) we shall illustrate the case
n = 2, M noncompact.

3. Example 1. The system with which we are concerned is

a)it =19y —a

(11)

b)y=x— by
It is shown in [1] that the function
(12) v = 22" — ¢

satisfies the relation

(13) b= —2
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and thus the solution
(14) 22—yt =0

is globally asymptotically stable. This result is interesting for a number of
reasons.

The solution (14) is a singular solution, i.e., write (11) as

dv 2y — 2
and then let
(16) u = z/y’
to obtain

du 2 — 4
(17) dy " duy—1
Now, observe that % = 0 when «’ = 1, i.e., when
(14) 22" — y* = 0.

The equilibrium points of system (11) are contained in the solution
curve (14). In particular, the system (11) has equilibrium points at

z =0, :l:}g—§

(18) _
o0 V2

y=0+75"

and they lie on the branch of (14) given by
(19) V2r =ylyl.

The linear approximations to (11), in the neighborhood of the equi-
librium points, are:

(20) L=

<
(I
|1
Nl= 8
<
+
E__
8
1<)
=
SR
([
oo

and

(21) near
)
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% o2+ yH =0.205

Fia. 1. Phase Portrait of System (11)

Thus, the origin is a stable node (the eigenvalues are —%, —1) and the
other equilibrium points are saddle points (the eigenvalues are +%, —2).
Now, consider the Liapunov function,

(22) V= 30"+ )
whose derivative along trajectories of (11) is

(23) V=—%"—3@—y"+
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It can easily be shown that V > 0 and V < 0 in the region @,
(24) Q:V = (2" + ) < 0.295;
therefore, all solutions beginning in @; tend toward the origin as{ — .
(See LaSalle and Lefschetz [8].)
Finally, one obtains the phase portrait shown in Iig. 1. One may ex-

press the solution curves in terms of elliptic functions of the first kind, i.e.,
by inverting (17) obtain

dy 2u _ 1
(25) ATy e il vy g
and then
(26) y = (4> —2)7" f (4’ — 2)7* du,

from which the elliptic function expression is obtained [9]. The time, T,
taken to move from one point to another on a given nonsingular trajectory
is obtained by integrating (13), viz.,

1, [24%0) — 4(0)
(27) =g [W—y(fl’)}

The parametric form of the singular solution (14) is obtained as follows:
Solve (14) for z, i.e.,

1 2
and substitute this in (11b) to obtain

, 1o, 1
(29) y== Va¥ T3
which may be integrated to yield

y = (V2 + )™

Finally, substitution of the proper value for ¢ and use of (28) result in

a) y(t) = ([sgn (V2 (1 — &Y + 1 el/2t>—
(30) y(0)

b) () = S—gn\/—ém <[sgnx(0)]\/§(1 — &Y (227(0)) M t)' ,

The expression (30b) does not agree with (57) of [1]; however, (57) is
obviously in error since it does not allow the equilibrium solutions (18).
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It is also interesting to note that if (11b) is rewritten as
=9+ 3y

and then substituted into (11a) one obtains the unforced Duffing equation,
viz.,

(31) jt+ 3+ -y =0

Thus, in correspondence with the previous development, (31) has the

singular phase solution (29). In fact, one can show that systems of the
form

. 3

=y — az
(32) .

Yy =2z — By
or equivalently,

(33) G+ (a+B)y+aBy —y =0

have the respective singular solutions:

1
(34) T = =4 -\7§-y2
and
. 1 2
(35) Y= —By =+ V3l
if a/B8 = 2.

In the following example we shall illustrate the case n = 3, M non-
compact and containing a periodic orbit.

4. Example 2. Consider the system
Il.a'] = X9

(36)

X3
I3 = —x1 — 2 — @5 + (1 — 22 — 2m120)20 + (1 — 2223, € >0
and the scalar function
(37) v = —x1 + ey — exr’xs — X3,
whose total time derivative with respect to the system (36) is
(38) D=2 — ers + exiire + a3 = —0.

We conclude that the manifold M on which the scalar function (37)
vanishes
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(39) M: X3 = —I + €Xes — 618121152

is asymptotically stable.
By substituting (39) into (36) the third equation becomes an identity
and we obtain the familiar Van der Pol equation

( 0) .1 ’
4
T = —Iy + €Xy — 65012232 .

We conclude that the equilibrium point = 0 of equation (36) (which
is its only equilibrium point) is unstable and that the equation (36) has
one asymptotically stable orbit which lies on the surface (39) and is
defined by the equation (40).
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